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GOKARAJU RANGARAJU INSTITUTE OF ENGINEERING AND TECHNOLOGY 

(Autonomous) 

 

Physics for Computing Science 

CSE (CSBS) 

Course Code: GR20A1026                          L:2 T:0 P:0 C:2 

I Year  

Course Objectives:  

1. Demonstrate competence and understanding of the concepts of Harmonic oscillations and 

waves. 

2. Identify interaction of light with matter through interference, diffraction and polarization 

phenomena. 

3. Examine basic concepts of electromagnetism and thermodynamics. 

4. Recall the dualistic nature of radiation, basic concepts of crystallography and 

semiconductors. 

5. Discuss the use of lasers as light sources in optical fiber applications. 

Course Outcomes:  

1. Solve for the solutions and describe the behavior of a damped harmonic oscillator. 

2. Apply the principles of interference, diffraction and polarization of light in engineering 

applications. 

3. Recall the importance of electromagnetism and laws of thermodynamics and their 

applications. 

4. Outline the developments of quantum mechanics and identify the types of crystal and their 

properties.  

5. Analyze the properties of Laser and its propagation in different types of optical fibers. 

UNIT I 

Oscillation: Periodic motion, Simple harmonic motion, Characteristics of simple harmonic 

motion, Vibration of simple spring mass system, Resonance definition, Damped harmonic 

oscillator: heavy, critical and light damping, Energy decay in a damped harmonic oscillator, 

Quality factor, Forced mechanical and electrical oscillators. 

UNIT II 

Interference: Principle of superposition, Young’s experiment, Theory of interference fringes, 

Types of interference, Fresnel’s prism, Newton’s rings, Diffraction: Two kinds of diffraction, 

Difference between interference and diffraction, Fresnel’s half period zone and zone plate, 

Fraunhofer diffraction at single slit, Plane diffraction grating, Temporal and spatial coherence. 



Physics for Computing Science I B. Tech CSBS 
 

GRIET Page 4 
 

Polarization of light: Polarization, Concept of production of polarized beam of light from two 

SHM acting at right angle, Plane, Elliptical and Circularly polarized light, Brewster’s law, Double 

refraction.  

 

UNIT III 

Basic Idea of Electromagnetisms: Continuity equation for current densities, Maxwell’s equation 

in vacuum and non-conducting medium. 

Thermodynamics: Zeroth law of thermodynamics, First law of thermodynamics, Brief discussion 

on application of 1st law, Second law of thermodynamics and concept of Engine, Entropy, Change 

in entropy in reversible and irreversible processes. 

 

UNIT IV 

Quantum Mechanics: Introduction, Planck’s quantum theory, Matter waves, de-Broglie 

wavelength, Heisenberg’s Uncertainty principle, Time independent and time dependent 

Schrödinger’s wave equation, Physical significance of wave function, Particle in a one-

dimensional potential box, Heisenberg Picture. 

Crystallography: Basic terms, Types of crystal systems, Bravais lattices, Miller indices, 

Interplanar spacing, Atomic packing factor for SC, BCC, FCC and HCP structures. 

Semiconductor Physics: Basic concept of Band theory: Bloch theorem, Kronig-Penny model 

(Qualitative), Differences between Conductors, Semiconductors and Insulators. 

 

UNIT V 

Laser and Fiber optics: Properties of laser beams: mono-chromaticity, coherence, directionality 

and brightness, laser speckles, Einstein’s theory of matter radiation interaction and A and B 

coefficients, Amplification of light by population inversion, Different types of lasers: Ruby Laser, 

CO2 and Neodymium lasers, Applications of lasers, Fiber optics and applications, Types of optical 

fibers. 

Teaching methodologies: 

 White board and marker 

 Power Point Presentations 

 Video lectures 

 

Text Books:  

1. Concepts of Modern Physics, (Fifth Edition) A Beiser, McGraw Hill International. 

2. Fundamentals of Physics, David Halliday, Robert Resnick and Jearl Walker, Wileyplus. 

Reference Books:  

1. Optics, (Fifth Edition) Ajoy Ghatak, Tata McGraw Hill.  

2. Sears & Zemansky University Physics, Addison-Wesley.  

3. Fundamentals of Optics, (Third Edition) Jenkins and White, McGraw-Hill. 
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UNIT I 

Oscillations 

Introduction 

There are two ways in which the energy can be transported from one place to other.  

1. The first of these methods involves the actual transportation of matter. For example, a bullet 

fired from a firearm carries its kinetic energy as it travels to the other location.  

2. The second method by which one can transport energy is much more important and useful. It 

involves what are known as waves. The waves transfer energy but there may not be any 

transportation of matter in the process. 

 For example, when a violinist plays violin, its sound is heard at distant locations. The sound 

waves carry with them energy, with which they are able to move the diaphragm of the ear.  

 When a stone is dropped in the still water in a lake, ripples are formed on the surface of the       

water body and the water waves move steadily in the outward direction.  

 Electromagnetic waves are vibrating electric and magnetic fields that travel through space 

without the need for a medium. The electromagnetic waves include the visible light that, for 

example, comes from a bulb in our houses and the radio waves that come from a radio station. 

 The other types of electromagnetic waves are microwaves, infrared light, ultraviolet light, X-

rays and gamma rays. 

  Seismic waves are vibrations of the earth, which become quite significant in the events such as 

earthquakes. 

1. What is Periodic Motion? 

There are two types of Motions one is periodic motion and other one is Non-periodic 

motion 

Non-periodic motion 

A motion which repeats itself, but not at regular intervals of time, is called a non-periodic 

motion. Example: A footballer running on a field etc. 

Periodic or Harmonic motion 

Any motion which repeats itself after regular interval is called periodic or harmonic 

motion and the time interval after which the motion is repeated (i.e. the position and the velocity 

of the moving body is the same) is called its time period. Some examples of periodic motion 

include  

 Motion of planets around the sun, 

 Motion of a piston inside a cylinder, used in automobile engines, or 

 Motion of a ball in a bowl. 

 If in case of periodic motion, the body moves back and forth repeatedly about a fixed 

position (called equilibrium or mean position), the motion is said to be oscillatory or vibratory. 

For instance, the motion of the earth around the sun or the motion of the hands of the clock, are 

examples of periodic motion, but they are not oscillatory in nature. The motion of piston in an 
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automobile engine, motion of a ball in a bowl, motion of needle of sewing machine or the bob of 

a pendulum clock are all examples of oscillatory motion. 

2. What is Simple harmonic motion? 

An oscillating body is said to execute simple harmonic motion (SHM) if the magnitude of 

the forces acting on it is directly proportional to the magnitude of its displacement from the mean 

position and the force (called restoring force) is always directed towards the mean position. 

Thus, we can see that simple harmonic motion or SHM is actually a special case of oscillatory or 

vibratory motion. Some examples of simple harmonic motion include 

 Motion of a simple pendulum 

 A vibrating tuning fork  or 

 A spring-mass system. 

Definition of SHM: It is defined as the motion of an oscillatory particle which is acted upon by 

a restoring force which is directly proportional to the displacement but opposite to it in direction 

or If the potential energy of the oscillating body is proportional to the square of its displacement 

with reference to the mean position, the body is said to be executing SHM. 

Types of Simple Harmonic Motion 

Simple Harmonic Motion can be classified into two types, 

 Linear SHM 

 Angular SHM 

Linear Simple Harmonic Motion: When a particle moves to and fro about a fixed point (called 

equilibrium position) along with a straight line then its motion is called linear Simple Harmonic 

Motion. Example: Spring mass system. 

Angular Simple Harmonic Motion: A body free to rotate about an axis can make angular 

oscillations. For example, a photo frame or a calendar suspended from a nail on the wall. If it is 

slightly pushed from its mean position and released, it makes angular oscillations. Example: 

Simple Pendulum. 

3. Derive expression for differential equation of simple harmonic motion? Discuss about 

characteristics of simple harmonic motion?  

A linear SHM system are simple pendulum, horizontal spring oscillations as shown Fig.1 

 

 

 

 

 

Fig.1. Horizontal Spring mass system 
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Let us consider a particle of mass m executing an SHM along a straight line with x as its 

displacement from the mean position at any time t. Then from the basic condition of the SHM, the 

restoring force F will be proportional to the displacement and will be directed opposite to this. 

Therefore, 

 𝐹 ∝ − 𝑥  𝑜𝑟 𝐹 =  − 𝑘𝑥  Where k is a proportionality constant known as force constant. 

According to Newton’s second law 

𝐹 = −𝑘𝑥   =  𝑚𝑎 

Restoring force = inertial force    

  −𝑘𝑥 =  𝑚
ⅆ2𝑥

ⅆ𝑡2
 

ⅆ2𝑥

ⅆ𝑡2+
𝑘

𝑚
𝑥 = 0 →  1 

Putting  
𝑘

𝑚
= 𝜔2 , we have 

ⅆ2𝑥

ⅆ𝑡2+𝜔2𝑥 = 0 →  2       Where 𝜔  𝑖𝑠 𝑡ℎ𝑒 𝑎𝑛𝑔𝑢𝑙𝑎𝑟 𝑓𝑟𝑒𝑞𝑢𝑒𝑛𝑐𝑦. 

The above equations 1 & 2 are known as differential equations of the SHM 

 Characteristics of simple harmonic motion? 

1. Displacement: The distance of the particle in any direction from the equilibrium position at any 

instant is called the displacement of the particle at that instant. That means displacement normally 

refers to a change in position when an object moves from one-point A to another point as shown 

in Fig.2. The general solution Eq(2)  is  

𝑥 = A 𝑒ⅈ𝜔𝑡 + 𝐵 𝑒−ⅈ𝜔𝑡     this is exponential form of the solution Where A and B are constants. The 

general form of solution can written as  

𝑥 = A sin𝛿 cos 𝜔𝑡 + A cos𝛿 sin 𝜔𝑡  

𝑥 = A sin (𝜔𝑡 +  𝛿)  

 𝑥   gives the displacement of the particle executing SHM at any instant of time. Here A is the 

maximum displacement of the particle and 𝛿= Initial phase angle 

If 𝛿 = 0, then   𝑥 = A sin (𝜔𝑡)  The displacement-time graph is shown in Fig 2. 

The S.I. unit of displacement is metre (m). 

Phase: It is the time-varying quantity (𝜔𝑡 +  𝛿). Its unit is radian. 

 

 

 

 

 

 

 

Fig 2. Displacement(x) vs Time (t) 

2. Amplitude: The maximum distance covered by the body on either side of the mean position is 

called its amplitude or It is defined as magnitude of maximum displacement on either side of mean 

position as show in Fig.3. 
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𝑥 = A sin (𝜔𝑡 +  𝛿) 

If 𝛿=0, then   𝑥 = A sin (𝜔𝑡)  The displacement-time graph is shown in Fig.3. 

 Where A is Amplitude 

 

 

   

  

 

Fig.3. Displacement(x) Vs Time (t) 

3. Velocity: The rate of change of displacement of the body is called velocity. The particle 

executing SHM is a harmonic oscillator. We can find its velocity from the expression of its 

displacement, given below 

𝑥 = A sin (𝜔𝑡 +  𝛿) 

Differentiating it w.r.t. time, we get 

𝜐 = 
ⅆ𝑥

ⅆ𝑡
 = 𝐴𝜔 cos(𝜔𝑡 + 𝛿)  

 = 𝐴𝜔√1 − 𝑠𝑖𝑛2(𝜔𝑡 + 𝛿) 

= 𝜔√𝐴2 − 𝐴2 𝑠𝑖𝑛2(𝜔𝑡 + 𝛿) 

𝜐 = 𝜔√𝐴2 − 𝑥2 

This is the expression for velocity of the particle at any displacement x. 

The maximum velocity is obtained by putting x = 0 so 𝜐𝑚𝑎𝑥 = 𝜔𝐴 

Since x = 0 corresponds to its mean position, the particle has maximum velocity 𝐴𝜔 when it is at 

the mean position. At the maximum displacement, i.e., at the extreme position of the particle the 

velocity of the particle is obtained as zero. This extreme position is x = A. 

4. Acceleration: The rate of change of velocity is called acceleration or an object is 

undergoing simple harmonic motion (SHM) if; the acceleration of the object is directly 

proportional to its displacement from its equilibrium position. The acceleration is always directed 

towards the equilibrium position. 

𝜐 = 
ⅆ𝑥

ⅆ𝑡
 = 𝐴𝜔 cos(𝜔𝑡 + 𝛿)  

a = 
ⅆ𝑣

ⅆ𝑡
 = - A𝜔2 sin (𝜔𝑡 +  𝛿) 

 a = -𝜔2x                 [we know that  𝑥 = A sin (𝜔𝑡 +  𝛿)]      

The above equation gives acceleration of the oscillating particle at any displacement. 

If 𝛿 = 0, thus a = - A𝜔2 sin (𝜔𝑡).  

At x = A (the extreme position) Maximum acceleration amax = 𝜔2𝐴    at the extreme position 

Minimum acceleration is obtained by putting x = 0   amin = 0   at the mean position       

5. Time Period: The time required to complete one oscillation /vibration is known as time period 

(T). The Displacement(x) vs Time (t) as shown in Fig4. 
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T = 
2𝜋

ω
 . As we know that  𝜔2 = 

𝑘

𝑚
 ; ω= √

𝑘

𝑚
 ;  so   𝑇 =  

2𝜋

𝜔
 =  2𝜋√

𝑚

𝑘
 

 

 

 

 

 

Fig.4. Displacement(x) vs Time (t) 

  6. Frequency : The number of vibrations made by the body in one second is known as the 

frequency of the vibrating body and is denoted by a letter n or f. Frequency is the reciprocal of the 

time period f = 
1

𝑇
.  So 𝑓 =  

1

𝑇
 =  

𝜔

2𝜋
 =  

1

2𝜋
√

𝑘

𝑚
 

7. Phase and Phase Difference: It is used to describe the stage of the particle in its cycle of simple 

harmonic motion. The angle (𝜔𝑡 +  𝛿) is called the phase of the oscillation. It represents the state 

of the oscillation of the body by specifying the position and direction of motion of the body. It is 

measures in radians. It is the difference in phase between two oscillators when they oscillate at the 

same frequency.  The difference between Phase and Phase difference as shown in Fig.5. 

 

 

 

 

 

 

 

Fig.5. Phase and Phase difference 

The constant angle 𝛿 is called the phase constant, which is determined uniquely by the 

initial displacement and velocity of the particle. The constant 𝛿 and amplitude A tell us what is the 

displacement at time t = 0. The phase of the oscillation is useful in comparing the motion of two 

bodies.  

8. Energy: A body executing simple harmonic oscillations is called a simple harmonic oscillator. 

A simple harmonic oscillator possesses potential energy as well as kinetic energy. The elastic 

property of the oscillating system stores potential energy. That is, the potential energy is possessed 

by virtue of its displacement from the equilibrium position and the inertia property (mass) stores 

kinetic energy; thus, the kinetic energy is due to its velocity. As the system oscillates, there is a 

continuous conversion of potential energy into kinetic energy and vice versa. If no dissipative 

forces are present, the total energy is conserved. 

The kinetic energy of the particle is 

𝐸𝑘 =
1

2
𝑚𝑣2 =

1

2
𝑚𝜔2𝐴2 𝑐𝑜𝑠2(𝜔𝑡 + 𝛿) = 

1

2
𝑚𝜔2𝐴2[1 − 𝑠𝑖𝑛2(𝜔𝑡 + 𝛿)] 

x2 = A sin(𝝎𝒕 +  𝜹) 

x1 = A sin(𝝎𝒕) 
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= 
1

2
𝑚𝜔2(𝐴2 − 𝑥2),=  

1

2
𝑘(𝐴2 − 𝑥2)  

The potential energy, U, is given by 

  𝑈 =  −∫𝐹 ⅆ𝑥

𝑥

0

 =  ∫𝑘𝑥 ⅆ𝑥

𝑥

0

=
1

2
𝑘𝑥2  

The potential energy is proportional to the square of the displacement. All simple harmonic 

oscillations are characterized by such a parabolic potential well. 

The total energy of the simple harmonic oscillator is 

𝐸 =  𝐾. 𝐸 +  𝑃. 𝐸;   𝐸  =  
1

2
𝑘(𝐴2 − 𝑥2) +

1

2
𝑘𝑥2 ;   𝐸 =  

1

2
𝑘𝐴2  =  𝑐𝑜𝑛𝑠𝑡𝑎𝑛𝑡   

Thus, the total energy of a simple harmonic oscillator does not depend on time and is a constant 

of the motion. Further, it is proportional to the square of the amplitude of the oscillation. 

 
Fig.6.Variation of Energy Vs Displacement 

Fig.6. shows the kinetic energy 𝐸𝑘 , potential energy 𝐸𝑃 and total energy E of the oscillator 

plotted against the displacement x. The horizontal line represents the total energy E, which is 

constant and does not vary with x. The potential energy curve 𝐸𝑃(x) is parabolic with respect to x 

and is symmetric about the position of equilibrium, x = 0. One curve is inverted with respect to the 

other, which indicates the 900 phase difference between the displacement and the velocity. The 

horizontal line intersects the potential energy curve at x = - A and x = A, where the energy is 

entirely potential. At these points v = 0 and there is no kinetic energy. At the equilibrium position, 

x = 0 and P.E = 0, so that the total energy is in the form of kinetic energy. At any value of x between 

– A and + A, the vertical distance from the x-axis to the parabola is U; since E = K.E + P.E, the 

remaining vertical distance up to the horizontal line is K.E. It is thus seen that energy is 

continuously being transferred between potential energy stored in the spring and the kinetic energy 

of the mass.   

4. Explain vibration of simple spring- mass system 

Consider a spring with mass m with spring constant k, in a closed environment spring 

demonstrates a simple harmonic motion. 𝑇  =  2𝜋√
𝑚

𝑘
 . The equation, it is clear that the period of 

oscillation is free from both gravitational acceleration and amplitude.  Also, a constant force 

cannot alter the period of oscillation. The types of spring- mass system are explained below. 
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Horizontal Spring Mass System: Spring mass-system or spring pendulum consists of a 

weightless spring of constant k, one end of which is fixed rigidly to a wall and the other end is 

attached to a body of mass m, which is free to move horizontally. If it is a loaded spring 

horizontally, the body is free to move on a frictionless horizontal surface, as shown in Fig. 7. When 

the spring is stretched, the elasticity of the spring tries to bring back the mass to its mean position. 

As the mass reaches the mean position, it has attained some velocity. As a result, the mass 

continues to move in the same direction and eventually compresses the spring until it reaches the 

other extreme position. The compressed spring pushes the mass back towards its mean position 

and the mass retraces its path. Thus, each cycle of oscillation takes the mass m from one extreme 

position to the extreme position on the other side of the mean position. As a result a restoring 

force proportional to the magnitude of displacement is exerted on the body and it starts executing 

SHM. 

One interesting characteristic of the SHM of an object attached to a spring is that the 

angular frequency, and therefore the period and frequency of the motion, depend on only the 

mass and the force constant, and not on other factors such as the amplitude of the motion. We 

can use the equations of motion and Newton’s second law (F = ma) to find equations for the 

angular frequency, frequency, and period. 

 

 

 

 

 

 

 

 

Fig.7. (a) Normal (b) Stretched (c) compressed configurations of a horizontal spring-mass system 

Consider the block on a spring on a frictionless surface as shown in Fig.7. There are three 

forces on the mass: the weight (i.e Gravitational force), the normal force (i.e Contact force) , and 

the force due to the spring. The only two forces that act perpendicular to the surface are the weight 

and the normal force, which have equal magnitudes and opposite directions. So these two forces 

cancel each other. The only force that acts parallel to the surface is the force due to the spring, so 

the net force must be equal to the force of the spring: Fx = −kx 

ma = −kx 

𝑚
ⅆ2𝑥

ⅆ𝑡2
 =  −𝑘𝑥 

ⅆ2𝑥

𝑡2
 =  −

𝑘

𝑚
𝑥 
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Substituting the equations of motion for 𝑥 = A sin (𝜔𝑡 +  𝛿) and a = - A𝜔2 sin (𝜔𝑡 +  𝛿) gives us 

−Aω2cos(ωt+φ) = − 
𝑘

𝑚
Acos(ωt+φ). Cancelling out like terms and solving for the angular frequency 

yields 𝜔2 = 
𝑘

𝑚
 ; so ω= √

𝑘

𝑚
 . The angular frequency depends only on the force constant and the 

mass, and not the amplitude. The angular frequency is defined as ω=2π/T,ω=2π/T, which yields 

an equation for the period of the motion:  𝑇 =  
2𝜋

𝜔
 =  2𝜋√

𝑚

𝑘
   

 The period also depends only on the mass and the force constant. The greater the mass, the 

longer the period. The stiffer the spring, the shorter the period. The frequency is 𝒇 =
1

𝑇
= 

1

2𝜋
√

𝑘

𝑚
   

Vertical Spring Mass System: Consider a mass (m) suspended from a spring attached to a rigid 

support. (This is commonly called a spring-mass system.) Gravity is pulling the mass downward 

and the restoring force of the spring is pulling the mass upward. As shown in (Fig.8.), when 

these two forces are equal, the mass is said to be at the equilibrium position. If the mass is 

displaced from equilibrium, it oscillates up and down.  

The Fig.8 shows a spring of length L suspended from a support at point A. If a mass ‘m’ is attached 

to its free end B, it will be stretched downward and its length will increase by ‘l’ i.e. BC= l . The 

tension T in the spring is given by mg. The force acting on the spring on mass ‘m’ according to 

Hook’s law is given by (stress ∞ strain) i.e F ∞ l 

F= kl where k is proportionality constant called spring constant/ stiffness factor/force factor 

T= mg = kl 

 
Fig.8. (a) A spring in its natural position (b) at equilibrium with a mass m attached(c) and in 

oscillatory motion. 

If the load is displaced downward to a position D through a small distance ‘x’ (i.e. CD=x) then 

the increase in length by (x+l).The tension or ftroce acting on the body is given by  T1 = k(x+l) 

The resultant force acting on the mass is given by  F= T- T1 = kl - k(x+l) = -kx 
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              ma = -kx; so a= -(
𝑘

𝑚
)x 

Where 
𝑘

𝑚
 is constant, hence acceleration is proportional to displacement and is directed towards 

to mean position. Thus the mass executes Simple Harmonic Motion  
𝑘

𝑚
  = 

𝐴𝑐𝑐𝑒𝑙𝑒𝑟𝑎𝑡ⅈ𝑜𝑛

𝑥
  = Acceleration per unit length 

Time period of SHM is given by   =  2𝜋√
𝑚

𝑘
 ;  mg = kl   

𝑚

𝑘
 = 

𝑙

𝑔
 ;  so  𝑇 =  2𝜋√

𝑙

𝑔
  

Parallel Combination of springs:  

Time Period (T) in Parallel Combination is  𝑇 =  
2𝜋

𝜔
 =  2𝜋√

𝑚

𝑘
=  2𝜋√

𝑚

𝑘1+𝑘2
  

Series Combination of springs:  

Time Period (T) in Series Combination is given by 𝑇 =  
2𝜋

𝜔
 =  2𝜋√

𝑚

𝑘
= 2𝜋√

𝑚(𝑘1+𝑘2)

𝑘1𝑘2
    

5. Write short notes on Resonance 

Hit anything and it will vibrate. The amazing thing is that every time you hit it, it will 

vibrate with exactly the same frequency, no matter how hard you hit it. 

The frequency of un-damped oscillations in a system, which has been allowed to oscillate on its 

own, is called the natural frequency. 

In order to keep it vibrating after you've hit it, you need to keep re-hitting it periodically to 

make up for the energy being lost. We say that you need to apply a periodic force to it.  

The frequency with which the periodic force is applied is called the forced frequency. If the forced 

frequency equals the natural frequency of a system (or a whole number multiple of it) then the 

amplitude of the oscillations will grow and grow. This effect is known as resonance. 

Resonance occurs when the driving frequency is equal to the natural frequency, this causes the 

oscillator to oscillate at maximum amplitude.  

When damping is also introduced to an object undergoing resonance, it will alter two factors: 

 Increased damping reduces amplitude of oscillations 

 Increasing damping slightly reduces the frequency with maximum amplitude 

This can be summarized on a graph of amplitude against frequency for different levels of 

damping as shown in Fig.9. 

Resonance can be useful but can also be annoying or dangerous. Examples of useful resonance 

include: 

 Microwaves – food molecules resonate at particular frequency causing them to be cooked 

 Tuning circuits – in TVs and radios, resonating at particular frequencies 

 Watches – timing controlled by resonating quartz crystals 

Resonance also can have dangerous or annoying effects: 

 Bridges and tall buildings can vibrate in wind or earthquakes 

 Loudspeakers, if designed badly, can produce louder sounds from particular frequencies of 

electrical signal as they cause the loudspeaker to resonate. 
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Fig.9. Damping of free vibrations 

6. What is Damped Oscillation? 

The damping is a resistance offered to the oscillation. The oscillation that fades with time 

is called damped oscillation. Due to damping, the amplitude of oscillation reduces with time. 

Reduction in amplitude is a result of energy loss from the system in overcoming of external forces 

like friction or air resistance and other resistive forces. Thus, with the decrease in amplitude, the 

energy of the system also keeps decreasing.  

Damping forces resist motion, causing energy to be lost from the oscillating system so the 

amplitude of oscillation reduces. 

If energy is being removed from the system, the amplitude of the oscillations must become smaller 

and smaller, we say that the oscillations are being damped. 

 The amplitude of oscillations decrease with time.  

 The higher the damping, the faster the oscillations will reduce in size. 

There are two types of damping 

 Natural Damping: Ex: mechanical oscillations, noise, and alternating electric currents, 

swing. Shock absorbers in car suspensions etc. 

 Artificial Damping Ex: electromagnetic damping in galvanometers, the coating of panels 

in cars to reduce vibrations, shock absorbers in cars, interference damping - gun 

mountings on ships. 

Light damping:  Defined oscillations are observed, but the amplitude of oscillation is reduced 

gradually with time. 

Critical damping: Critical damping is when the system returns to its equilibrium position in the 

shortest possible time without any oscillation. 

Over damping: The system returns to the equilibrium position very slowly, without any 

oscillation. Heavy or over damping occurs when the resistive forces exceed those of critical 

damping. The three types damping systems are shown in Fig.10. 
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Fig.10. Damping of free vibrations 

7. Derive expression for damped harmonic oscillations and explain three different conditions 

of damped harmonic oscillations 

Damped oscillations are not sinusoidal, but are much more complex. The period is no 

longer a characteristic property of the oscillation, but depends on the amplitude. For example, a 

pendulum immersed in water exhibits damped oscillations. On the other hand, if it is immersed in 

a viscous medium such as oil, there will be no oscillations at all.   

Damping force is resistive: it opposes motion. To explain damping dynamically, we may assume 

that in addition to the restoring force F = - kx, there is a damping force that is opposed to the 

velocity. Friction and viscosity are such kind of forces. A damped system is subjected to the 

following forces. 

(i) A restoring force proportional to displacement but oppositely directed and 

(ii) A frictional force proportional to the velocity but oppositely directed  

We write the damping force as 𝐹′ =  − 𝑞𝜐 =  − 𝑞
ⅆ𝑥′

ⅆ𝑡
 

Where q is a constant, called damping coefficient that depends on the medium and shape of the 

body may be termed as resistive force per unit velocity. 

The resultant force on the body is 𝐹 +  𝐹′ =  −𝑘𝑥 −  𝑞
ⅆ𝑥′

ⅆ𝑡
 

Therefore, the equation of motion of the body is  

𝑚𝑎 = −𝑘𝑥 –  𝑞
ⅆ𝑥′

ⅆ𝑡
 

(Inertial force) = (Restoring force) + (Damping force) 

Equation of motion of a Damped harmonic oscillator and its solution: 

In case of free oscillations, no frictional force or resistance is offered, therefore, the body 

will keep on vibrating indefinitely and such vibrations are called free vibrations. But in real 

situation, there is always some resistance offered to the oscillating system. In real sense if a body 

set into vibrations will have its amplitude continuously decreasing due to fractional resistance and 

so the vibrations will die after some time. The motion is said to be damped by the friction and is 

called as damped vibrations. For example, when a pendulum is displaced from its equilibrium 

position, it oscillates with decreasing amplitude and finally comes to the rest. 
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Suppose a system has a body of mass m attached to a spring whose force constant is k. Again 

consider 𝑥′ to be the displacement of the body from the equilibrium state at any instant of time. 

Then  
ⅆx′

ⅆt
 will be the instantaneous velocity. 

Here two types of forces are acting on the body: a restoring force (Fr = -k𝑥′) which is 

proportional to the displacement 𝑥′ and acts in the opposite direction to the displacement and a 

damping force - 𝑞
ⅆx′

ⅆt
  which is proportional to the velocity and is oppositely directed to the motion. 

The total force acting on the body is thus given by  

F = -k𝑥′ - 𝑞
ⅆx′

ⅆt
 

m 
ⅆ2𝑥′

ⅆ𝑡2  =  -k𝑥′ - 𝑞
ⅆx′

ⅆt
 

ⅆ2𝑥′

ⅆ𝑡2
 + 

𝑞

𝑚

ⅆx′

ⅆt
 + 

𝑘

𝑚
𝑥′ = 0 → 1 

If we put 
𝑞

𝑚
 = 2s  where s is damping coefficient and 

𝑘

𝑚
 = 𝜔2 , then above equation takes the form 

ⅆ2𝑥′

ⅆ𝑡2  +2s
ⅆx′

ⅆt
 + 𝜔2𝑥′ = 0 → 2 

Which is the equation of second degree. We assume its solution as  

𝑥′ = A𝑒𝛼𝑡 → 3   Where A and 𝛼 are arbitrary constants. 

Differentiating Eq( 3) w.r.t  t , we have 

ⅆx′

ⅆt
 = A𝛼𝑒𝛼𝑡 and 

ⅆ2𝑥′

ⅆ𝑡2  = A𝛼2𝑒𝛼𝑡 

By putting these values in Eq(2) , we have 

A𝛼2𝑒𝛼𝑡+ 2s A𝛼𝑒𝛼𝑡 + 𝜔2𝐴𝑒𝛼𝑡 = 0 

𝐴𝑒𝛼𝑡[𝛼2 + 2s𝛼 + 𝜔2] = 0 

⸪ 𝐴𝑒𝛼𝑡 ≠ 0 

𝛼2 + 2s𝛼 + 𝜔2 = 0 

This gives, 𝛼 = -s ± √𝑆2 − 𝜔2 

Therefore, the general solution of Eq(2) is given by  

𝑥′ = A1𝑒(−𝑠+√𝑠2−𝜔2)𝑡 + A2𝑒(−𝑠−√𝑠2−𝜔2)𝑡  →  4 

Where A1 and A2 are arbitrary constants. The actual solution depends upon whether S2 ˃ 𝜔2 ,  

S2 = 𝜔2 and S2 < 𝜔2. Now we will discuss all these cases 

Case 1: Over damped or heavy damping (S2 ˃ 𝝎𝟐): 

The term √𝑆2 − 𝜔2 is real and less than s. Therefore, both exponents i.e., [ −𝑠 +

√𝑠2 − 𝜔2] and [−𝑠 − √𝑠2 − 𝜔2] in Eq(4) are negative. Due to this reason the displacement  𝑥′ 

continuously decreases exponentially to zero without performing any oscillation (See Fig 11(a)). 

This motion is known as over damped. 

Case 2:  Critical damping (S2 = 𝝎𝟐): 

The solution of Eq(4)  is written  as   𝑃′ = (A1 + A2) and 𝑄′ = β (A1 - A2)   → 5 

From this equation, it is clear that as t increases the term (𝑃′+ 𝑄′t) increases but the term 

𝑒−𝑠𝑡 gets decreased. Because of this fact the displacement 𝑥′ first increases due to the term (𝑃′+ 
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𝑄′t) but it decreases because of the exponential term 𝑒−𝑠𝑡 and finally it approaches to zero as t 

increases. 

When we compare cases 1 & 2; it is noticed that the exponent is -st in case 2, while it is more than 

-st in case 1. 

Therefore, in case 1 the particle acquires its position of equilibrium rapidly than in case 1 

(Fig.11(b)). This type of motion is called critical damped motion.  

Examples: Voltmeter, ammeter etc. In these instruments, pointer moves to the correct position and 

comes to the rest without any oscillations.   

Case 3: Under damped motion or light damping (S2<𝝎𝟐): 

The solution of Eq(4) is written as 𝑥′ = A𝑒−𝑠𝑡sin [√(𝜔2 − 𝑠2)𝑡 + 𝛿]   →   6 

The above equation shows the oscillatory motion and represents the damped harmonic 

oscillator. The oscillations are not simple harmonic because the amplitude (A𝑒−𝑠𝑡) is not constant 

but decreases with time (t). 

However, the decay of amplitude depends upon the damping factor s. the motion is known 

as under damped motion (Fig.11(c)). The motion of a pendulum in air, the motion of the coil of 

ballistic galvanometer are the examples of this case. 

 
Fig: 11.Damped Harmonic Oscillations. 

8. Explain energy decay in a damped harmonic oscillator? 

Whenever a system is set into oscillations, its motion is opposed by frictional (damping) 

forces due to air resistance. The work done against these forces is dissipated out in the form of 

heat. So the mechanical energy of the system continuously decreases with time and amplitude of 

oscillation gradually decay to zero. Here we shall obtain an expression for the energy dissipation 

from the oscillation. 

The displacement of a damped harmonic oscillator at any time is given by  

𝑥′ = A𝑒−𝑠𝑡sin [√(𝜔2 − 𝑠2)𝑡 + 𝛿]    

𝑥′ =A  𝑒−𝑠𝑡 sin (𝛽′𝑡 + 𝛿)  where 𝛽′= √𝜔2 − 𝑆2   → 7 

The instantaneous velocity is given by 

ⅆ𝑥′

ⅆ𝑡
 = - A s  𝑒−𝑠𝑡 sin (𝛽′𝑡 + 𝛿) + A 𝛽′ 𝑒−𝑠𝑡 cos (𝛽′𝑡 + 𝛿) → 8 
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In practice, the damping is very small i.e.<<𝛽′. Hence the term - A s  𝑒−𝑠𝑡 sin (𝛽′𝑡 + 𝛿) can be 

neglected in comparison with the term    A 𝛽′ 𝑒−𝑠𝑡 cos (𝛽′𝑡 + 𝛿). Now , we have  

ⅆ𝑥′

ⅆ𝑡
 = A 𝛽′ 𝑒−𝑠𝑡 cos (𝛽′𝑡 + 𝛿)    → 9 

The mechanical energy E of the oscillator is given by  

E = Kinetic energy + Potential energy 

   = 
1

2
𝑚(

ⅆ𝑥′

ⅆ𝑡
)
2

 + 
1

2
 µ 𝑥′2    → 10 

Substituting the values of 
ⅆ𝑥′

ⅆ𝑡
 and 𝑥′ from equations 8, 7 in 10, we get 

E = 
1

2
𝑚 A2𝛽′2𝑒−2𝑠𝑡 cos2 (𝛽′𝑡 + 𝛿) + 

1

2
 µ A2𝑒−2𝑠𝑡 𝑠𝑖𝑛2(𝛽′𝑡 + 𝛿) 

E = 
1

2
𝑚 A2(

𝜇

𝑚
) 𝑒−2𝑠𝑡 cos2 (𝛽′𝑡 + 𝛿) + 

1

2
 µ A2𝑒−2𝑠𝑡 𝑠𝑖𝑛2(𝛽′𝑡 + 𝛿)  

[where 𝛽′= √𝜔2 − 𝑆2 ≈ 𝜔=√
𝜇

𝑚
] 

= 
1

2
 µ A2𝑒−2𝑠𝑡[cos2 (𝛽′𝑡 + 𝛿) + 𝑠𝑖𝑛2(𝛽′𝑡 + 𝛿)] 

= 
1

2
  A2 µ 𝑒−2𝑠𝑡   = 

1

2
  A2 m𝜔2𝑒−2𝑠𝑡 

E = 
1

2
  A2 µ 𝑒−2𝑠𝑡   → 11 

This shows that energy of oscillator decreases with relaxation time. 

Relaxation time: The Relaxation time is defined as the time taken for total mechanical energy to 

decay to 1/e times of its original value as show in Fig.12. 

The mechanical energy of the damped harmonic oscillator 

is given by E = 
1

2
  A2 µ 𝑒−2𝑠𝑡    

Let E= E0 when t = 0   i.e E0 = 
1

2
  A2 µ 

E= E0 𝑒−2𝑠𝑡    

Let  be the relaxation time i.e at t =  , 𝐸 = 
𝐸0

𝑒
 

  
𝐸0

𝑒
 =  𝐸0𝑒

−2𝑠𝑡    

𝑒−1 =   𝑒−2s                               Fig.12. Energy Vs time 

  = 
1

2𝑠
   Therefore E= E0 𝑒

−𝑡
⁄                                                                       

9. Write short notes on Quality Factor. 

The energy loss rate of a weakly damped harmonic oscillator is characterized in terms of a 

parameter which is known as quality factor. This quantity is defined as 2π times the energy stored 

in the oscillator, divided by the energy lost in a single oscillation period. If the oscillator is weakly 

damped, then the energy lost per period is relatively small, and quality factor is therefore much 

larger than unity. Roughly speaking, it is the number of oscillations that the oscillator typically 

completes, after being set in motion, before its amplitude decays to a negligible value. 

Expression for quality factor 
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It is defined as 2π times the ratio of energy stored in the system to the energy lost per cycle. 

This factor of a damped oscillator shows the quality of oscillator so far as damping is concerned. 

While the Q of an oscillator relates to the energy loss due to damping, this links directly to the 

bandwidth of the resonator with respect to its central frequency. The lesser the damping, the better 

is the quality of the harmonic oscillator as an oscillator. 

𝑄 = 2𝜋
Energy storeⅆ

Energy lost per raⅆian of oscillation
  

Q = 2π
E

pdT
  

Where pⅆ the power dissipation and T is the periodic time. Then, 

Q = 2π
E

(
E

τ
)T

 = 
2𝜋𝜏

𝑇
  

Q =  𝜔𝜏 

This expression for Q is under the assumption of weak damping. The quality factor, Q is a 

measure of sharpness of resonance in the case of a driven harmonic oscillator as shown in Fig.13. 

From the above equation, it is also clear that the value of relaxation time 𝜏 will be higher (or 

damping will be lower) for higher value of Q. 

For the force constant k and the mass m of the vibrating system  

𝜔 = √
𝑘

𝑚
 and 𝜏 = 

1

2𝑆
   So Quality factor  Q = 

1

2𝑆
√

𝑘

𝑚
 

 

 

Fig.13. Variation of Q with frequency 

Since lower values of s lead to lower damping, it clear that for low damping, the quality factor 

would be higher. 

Some applications of quality factor 

 The quality factor of an oscillator indicates how damped a resonator or an oscillator is, 

and characterizes a resonator’s bandwidth relative to its centre frequency.  

 Higher Q value indicates a lower rate of energy loss relative to the stored energy of the 

resonator; the oscillations die out more slowly.  

 For an electrically resonant system, the Q factor represents the effect of electrical 

resistance and, for electromechanical resonators such as quartz crystals it represents the 

mechanical friction. 
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10. What is Forced mechanical oscillator? Derive expression for it and explain its 

amplitude and phases of forced vibrations. 

So far we have discussed the vibrations in which the body vibrate at its own frequency 

without being subjected to any other external force. However, a different situation arises when a 

body is subjected to an external force. As an example consider the vibrations of bridge under the 

influence of marching soldiers or vibrations of a tuning fork where exposed to the periodic force 

of sound waves .In both the cases, the body vibrates because it is subjected to an external periodic 

force. Such vibrations are called forced oscillations. Forced vibrations cab be defined as the 

vibrations in which the body vibrates with a frequency other than its natural frequency under the 

action of an external periodic force. 

Theory and equation of forced vibrations: The forces acted upon the particle are: 

1) A restoring force proportional to the displacement but oppositely directed, given by –kx 

Where k is the force constant. 

2) A frictional force proportional to velocity but oppositely directed, given by -q
ⅆ𝑥

ⅆ𝑡
 Where q is 

frictional force per unit velocity and 

3) The external periodic force, represented by Fsinωt 

Where F is the maximum value of this force and ω/2π is its frequency. 

So , total net  force acting on the particle is given by  Fnet= –kx -q
ⅆ𝑥

ⅆ𝑡
+ Fsinωt  

The impressed periodic force is called driver and the body executing forced vibrations is called 

driven oscillator. By newton’s second law of motion this must be equal to the product of mass m 

of the particle and its instantaneous acceleration i.e 
ⅆ2𝑥

ⅆ𝑡2  , hence 

𝑚
ⅆ2𝑥

ⅆ𝑡2  = –kx -q
ⅆ𝑥

ⅆ𝑡
+ Fsinωt 

𝑚
ⅆ2𝑥

ⅆ𝑡2   + q
ⅆ𝑥

ⅆ𝑡
 + kx=  Fsinωt 

ⅆ2𝑥

ⅆ𝑡2   + 
𝑞

𝑚

ⅆ𝑥

ⅆ𝑡
 + 

𝑘

𝑚
x =  

𝐹

𝑚
sinωt 

ⅆ2𝑥

ⅆ𝑡2
  + 2s 

ⅆ𝑥

ⅆ𝑡
+ 𝜔0

2𝑥 =  f sinωt  ______________ (1) 

Or  �̈�   +  �̇�2s  +  𝜔0
2𝑥 =   f sinωt  

Where  
𝑞

𝑚
 = 2s and 

𝑘

𝑚
 = 𝜔0

2 and 
𝐹

𝑚
 = f  where s and  𝜔0

2 respectively called as damping coefficient, 

and natural frequency. Equation (1) is the differential equation of the motion particle or general 

equation of forced oscillation. 

Amplitude and phase of forced vibrations: In this case, when the steady state is set up, the 

particle vibrates with the frequency of applied force, and not with its own natural frequency.  

So, the amplitude of forced vibrations is given by  

𝐴 =  
𝑓

√[(𝜔0
2− 𝜔2)

2
+4 𝑠2 𝜔2]

  ________(2) 

It depends upon 𝜔0
2 − 𝜔2. If it is very small, then the amplitude of forced oscillation increases. 

The phase of forced vibrations is given by  
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𝜃 = tan−1 (
2𝑠𝜔

(𝜔0
2− 𝜔2)

) ________(3) 

This shows that there is a delay between the action of the driving force and response of the 

oscillator. Eq(2) gives the amplitude of forced vibration while Eq(3) its phase. Depending upon 

the relative values of ω and ω0, three cases are possible. 

Different cases of Amplitude and phase 

Case I. When driving frequency or driving force is low i.e. ω <<  ω0  and damping is small (s→0) 

In this case, the amplitude of vibration is given by 

𝐴 =  
𝑓

√[(𝜔0
2− 𝜔2)

2
+4 𝑠2 𝜔2]

    = 
𝑓

𝜔0
2 = Constant    [By neglecting 𝜔 in Eq (2)] 

 𝐴 =
𝐹

𝑚𝜔0
2 =

𝐹

𝑘
     where f = F/m and 

𝑘

𝑚
 = 𝜔0

2 

 The amplitude of the forced oscillator in the region ω<<ω0   and s < ω0  is inversely 

proportional to the stiffness constant (k) and hence motion is called the stiffness controlled motion. 

So 𝜃 = tan−1 (
2𝑠𝜔

(𝜔0
2− 𝜔2)

)= tan−1(0) = 0  

This shows that amplitude of vibration is independent of frequency of force. This amplitude 

depends on the magnitude of the applied force and force constant k. The force and displacement 

are always in phase. 

Case II. ω =  ω0  When angular frequency of driving force = natural frequency of oscillator i.e 

frequency of the force is equal to the frequency of the body (Resistance controlled motion). In this 

case, the amplitude of vibration is given by  

𝐴 =
𝑓

2𝑠𝜔
=

𝐹

2𝑠𝜔
=

𝐹

𝑞ω0
     Where  

𝑞

𝑚
 = 2s,  

𝐹

𝑚
 = f and ω =  ω0 

Also  𝜃 = tan−1 (
2𝑠𝜔

(𝜔0
2− 𝜔2)

) =  tan−1 (
2𝑠𝜔

(0)
) = tan−1(∞) =

𝜋

2
  

 The amplitude of vibrations is governed by damping and for small damping forces, the 

amplitude of vibrations will be quite large. The displacement lags behind the force by a phase 
𝜋

2
 

Case III. At very high driving force i.e and damping is small (s is small) or (s→0) ω >>  ω0 i.e. 

the frequency of the force is greater than the natural frequency ω of the body. In this case  

𝐴 =  
𝑓

√[(𝜔0
2− 𝜔2)

2
+4 𝑠2 𝜔2]

=
𝑓

√𝜔4
=

𝑓

𝜔2 = 
𝐹

𝑚𝜔2           Where f = F/m 

Amplitude is inversely proportional to the mass of the oscillator & hence the motion is mass 

controlled motion. 𝜃 = tan−1 (
2𝑠𝜔

(𝜔0
2− 𝜔2)

) =  tan−1 (−
2𝑠𝜔

( 𝜔2)
) =  tan−1 (−

2𝑠

𝜔
) =  tan−1(0) =  𝜋 

Thus in this case, the amplitude A goes on decreasing and phase difference tends towards π. 

11. What is Electrical oscillators? Derive expression for it and what is the condition for 

electrical resonance to occur. 

 Electrical circuits(Fig.14) executes harmonic oscillations in a circuit consists of a capacitor (c) 

and an inductor (L) by oscillating the change (q) and current (i) in the circuit as function of time. 

This is important resonant circuit.  
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An alternating E.M.F (Electro Motive Force i.e (𝐸 = 𝐸0sinωt) of an angular frequency ω 

is applied to this circuit. We know that a condenser stores electric energy in the form of electric 

field. When a potential difference Ec is applied across the plates of condenser, one plate acquires 

a charge q and the other plate is –q. The charge q is directly proportional to Ec The ratio of 
𝑞

𝐸𝑐
  is 

defined as the capacity C of the condenser, hence 

 
Fig.14. LCR series circuit driven by ac generator 

𝐶 =  
𝑞

𝐸𝑐
 𝑜𝑟 𝐸𝑐 = 

𝑞

𝐶
 

When an electric current in an inductor varies, there is change in magnetic flux which 

results in a self-induced e.m.f. The magnitude of this induced e.m.f is proportional to the rate of 

change of magnetic flux. Further, the magnetic flux is proportional to the current in the circuit. 

Hence 𝐸𝐿∞ 
ⅆ∅

ⅆ𝑡
∞

ⅆⅈ

ⅆ𝑡
        Since ∅ proportional to current (i)  

𝐸𝐿 = −𝐿
ⅆⅈ

ⅆ𝑡
   Where L is the constant of proportionality and is known as coefficient of self-

inductance or simple inductance. 

The –ve sign is used to indicate that the induced e.m.f tends to oppose the change in the current 

(Lenz’s law) 

In this way the opposing E.M.F developed on inductance and capacitance are 𝐿
ⅆⅈ

ⅆ𝑡
  and  

𝑞

𝐶
 

respectively. The current in the circuit is given by  

𝑖 =  
𝑅𝑒𝑠𝑢𝑙𝑡𝑎𝑛𝑡 𝐸.𝑀. 𝐹

𝑅𝑒𝑖𝑠𝑖𝑡𝑎𝑛𝑐𝑒 𝑖𝑛 𝑡ℎ𝑒 𝑐𝑖𝑐𝑢𝑖𝑡
 

𝑖 =  
 𝐸0sinωt −  𝐿

ⅆⅈ

ⅆ𝑡
−

𝑞

𝐶
 

𝑅
 

     𝑅𝑖 = 𝐸0sinωt −  𝐿
ⅆⅈ

ⅆ𝑡
−

𝑞

𝐶
 

     𝐿
ⅆⅈ

ⅆ𝑡
+

𝑞

𝐶
+ 𝑅𝑖 = 𝐸0sinωt ________(1) 

     But 𝑖 =  
ⅆ𝑞

ⅆ𝑡
     

                          Therefore              𝐿
ⅆ2𝑞

ⅆ𝑡2
+ R

ⅆ𝑞

ⅆ𝑡
+

𝑞

𝐶
= 𝐸0sinωt ________(2) 

 Impedance of electrical oscillator is written as  = |𝑍| = [𝑅2 + (
1

ωC
− 𝜔𝐿)

2

]

1
2⁄

     _________(3) 

The electrical impedance consists of resistance term R and reactance term (
1

ωC
− 𝜔𝐿) 

The Phase difference  ∅ between E.M.F and current in the electrical oscillator is given by 
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∅ = tan−1 (
(

1

ωC
−𝜔𝐿)

𝑅
)   __________(4) 

Electrical resonance takes place when impedance is minimum .i.e. 𝜔𝐿 =
1

ωC
   The corresponding 

frequency is given by  𝜔2 =
1

LC
   or 𝜔 =

1

√𝐿𝐶
  Therefore 2𝜋𝑓 =  

1

√𝐿𝐶
    or 𝑓 =  

1

2𝜋√𝐿𝐶
     

At resonance frequency, the current in the circuit is maximum. There is an interchange of 

energy in electrical oscillator giving rise to electrical oscillations. The energy of electrical 

oscillations is dissipated as heat due to inevitable presence of resistance. 

12. Write down comparison between Mechanical oscillator and Electrical Oscillator 

Mechanical oscillator Electrical Oscillator 

1. Mass of the mechanical oscillator, m 1. Inductance L of the electrical oscillator 

2. Frictional force per unit velocity, q 2. Corresponds to resistance, R 

3.Force constant, k 3.Corresponds to 1/C 

4.Displacement,x 4. Corresponds to charge, q 

5.Velocity(dx/dt) 5.Corroponds to current i=dq/dt 

6.Equation of mechanical oscillator: 

 𝑚
ⅆ2𝑥

ⅆ𝑡2   + q
ⅆ𝑥

ⅆ𝑡
 + kx=  Fsinωt  

6. Equation of electrical oscillator: 

𝐿
ⅆ2𝑞

ⅆ𝑡2
+ R

ⅆ𝑞

ⅆ𝑡
+

𝑞

𝐶
= 𝐸0sinωt 

7.Impedance of mechanical oscillator: 

|𝑍| = [𝑞2 + (
k

ω
− 𝜔𝑚)

2

]

1
2⁄

      

7. Impedance of electrical oscillator: 

|𝑍| = [𝑅2 + (
1

ωC
− 𝜔𝐿)

2

]

1
2⁄

      

8. The mechanical impedance consists of 

resistance term (k/ω) due to stiffness and 

reactance term ωm due to mass 

8. The electrical impedance consists of resistance term 

R and reactance term (
1

ωC
− 𝜔𝐿) 

9.The phase difference :∅ = tan−1 (
(
k

ω
  − 𝜔𝑚)

𝑞
) 9.The phase difference: ∅ = tan−1 (

(
1

ωC
 −𝜔𝐿)

𝑅
) 

10.Frequency: 𝑓 =  
1

2𝜋
√

𝑘

𝑚
     

10. Frequency: 𝑓 =  
1

2𝜋√𝐿𝐶
     

11.At resonance, the amplitude of oscillation 

becomes maximum 

11. At resonance frequency, the current in the circuit is 

maximum. 

12. There is continuous interchange between 

the kinetic energy and potential energy. The 

energy is dissipated as heat due to inevitable 

presence of friction. 

12. There is an interchange of energy in electrical 

oscillator giving rise to electrical oscillations. The 

energy of electrical oscillations is dissipated as heat 

due to inevitable presence of resistance. 

 

Short answer questions: 

1. Define periodic motion. Give examples. 

2. Define simple harmonic motion with examples. 

3. Define Resonance. What is the importance of Resonance?  
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4. Define heavy, critical and light damping oscillator. 

5. What is quality factor? What is the importance of quality factor? 

Long answer questions: 

1. Derive the differential equation for simple harmonic motion and discuss the characteristics of 

simple harmonic motion. 

2. Write a short note on different types of Vibration of simple spring mass system. 

3. What is damped harmonic oscillator? Derive Equation of motion of a Damped harmonic and 

discuss heavy, critical and light damping oscillator. 

4. Discuss about Energy decay in a damped harmonic oscillator. 

5. Derive the equation of Forced mechanical oscillators. 

6. Derive the equation of electrical oscillators. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 



Physics for Computing Science I B. Tech CSBS 
 

GRIET Page 25 
 

Unit II 

Interference, Diffraction and Polarization of Light 

1. Write a shorts notes on interference. 

Principle of superposition: The principle of superposition of waves states that when two or more 

waves of the same type are incident on the same point, the resultant amplitude at that point is equal 

to the vector sum of the amplitudes of the individual waves. The Principle as shown in Fig.1. 

 

Fig.1. Principle of Superposition 

Interference of light waves: The phenomena of formation of maximum intensity at some points 

and minimum intensity at some other point when two (or) more waves of equal frequency having 

constant phase difference arrive at a point simultaneously, superimpose with each other is known 

as interference. 

Types of Superposition of Waves: According to the phase difference in superimposing waves, 

interference is divided into two categories as follows. 

Constructive Interference: If two waves superimpose with each other in the same phase, the 

amplitude of the resultant is equal to the sum of the amplitudes of individual waves resulting in 

the maximum intensity of light, this is known as constructive interference as Fig.2(a). 

Destructive Interference: If two waves superimpose with each other in opposite phase, the 

amplitude of the resultant is equal to the difference in amplitude of individual waves, resulting in 

the minimum intensity of light, this is known as destructive interference as shown in Fig.2(b). 

 

 

 

 

 

 

 

 

 

 

Fig.2(a) Constructive interference (b)Destructive interference 
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2. Write short notes on Types of interference? 

The phenomenon of interference may be grouped into two categories: 

Division of Wave front: The division of wave front as shown in Fig.3. Under this category, the 

coherent sources are obtained by dividing the wave front, originating from a common source, by 

employing mirrors, bi-prisms or lenses. This class of interference requires essentially a point 

source or a narrow slit source. The instruments used to obtain interference by division of wave 

front are the Fresnel bi-prism, Fresnel mirrors, Lloyd's mirror, laser’s, etc. 

 

 

 

 

 

Fig.3. Davison of Wave front 

Division of Amplitude: In this method, the amplitude of the incident beam is divided into two or 

more parts either by partial reflection or refraction. Thus we have coherent beams produced by 

division of amplitude as shown in Fig.4. These beams travel different paths and are finally brought 

together to produce interference. The effects resulting from the superposition of two beams are 

referred to as two beam interference and those resulting from superposition of more than two 

beams are referred to as multiple beam interference. The interference in thin films, Newton's rings, 

and Michelson's interferometer are examples of two beam interference and Fabry-Perot's 

interferometer is an example of multiple beam interference. 

 

 

 

 

 

 

 

 

 

Fig.4. Division of Amplitude 

3. Explain Young’s double slit experiment-Theory of interference:  

From Fig.5 points A, B are the two sources which produce waves of equal amplitude and 

constant phase difference. Points shown by circles will have minimum displacement as crest of 

one wave falls on the trough of another and the resultant displacement is zero. Points shown by 

crosses in the diagram will have maximum displacement as either crest of one wave will combine 

with the other.  
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As the intensity (energy) is directly proportional to square of amplitude (I ∞ A2) the 

intensity at these points is four times the intensity due to one wave. There is no loss of energy due 

to interference. The energy is transferred from the points of minimum displacement to the points 

of maximum displacement. 

 

Fig.5. Young’s double-slit experiment 

Experimental setup: Young’s allowed the sunlight to fall on a pinhole ‘S’ and then at 

some distance away on two pinholes A, B. A, B are equidistant from ‘S and are close to each other. 

Spherical waves spread out from ‘S’ and also spread out from ‘A’ and ‘B’. These waves are of 

same amplitude and wavelength, interference bands are produced which are alternatively dark and 

bright on the screen. Points ‘E’ are bright as the crest due to one wave coincides with crest due to 

other or trough of one falls on the trough of the other, and they reinforce with each other. Points 

‘F’ are dark, as the crest of one falls on the trough of the other and they neutralize the effect of 

each other. Points similar to ‘E’ are also bright as trough of one falls on trough of the other.  The 

Fig.6 shows interference pattern for a double slit has an intensity that falls off with angle. The 

photograph shows multiple bright and dark lines, or fringes, formed by light passing through a 

double slit. 

 

 

 

Fig.6. Shows interference pattern for a young’s double slit experiment 
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Analytic treatment of Interference: Consider a monochromatic source of light ‘S’ emitting 

waves of wavelength ‘ λ‘ and passed through  two narrow pinholes ‘A’ and ‘B’.‘A’, ‘B’ are 

equidistant from ‘S’ and act as two virtual coherent sources. 

Let a be the amplitude of waves and  δ  be the phase difference of two waves reaching at point ‘P’ 

If Y1 and Y2 are the displacements 

𝑦1 = 𝑎 sin𝜔𝑡 

𝑦2 = 𝑎 sin(𝜔𝑡 + 𝛿) 

So  𝑌 = 𝑦1 + 𝑦2 = 𝑎 sin𝜔𝑡 +  𝑎 sin(𝜔𝑡 + 𝛿) 

𝑌 = 𝑎 sin𝜔𝑡 +  𝑎 sin 𝑐𝑜𝑠 𝛿 + 𝑎 𝑐𝑜𝑠  𝜔𝑡 sin 𝛿 

𝑌 = 𝑎 sin𝜔𝑡 ( 1 + cos 𝛿) + 𝑎 𝑐𝑜𝑠 𝜔𝑡 sin 𝛿…… (1) 

If  𝑎( 1 + cos 𝛿) = 𝐴 cos 𝜃,  𝑎 sin 𝛿 = 𝐴 sin 𝜃 … . (2)𝑖𝑛 (1) 

𝑌 = 𝐴 sin𝜔𝑡 cos 𝜃 + 𝐴 cos𝜔𝑡 sin 𝜃 

𝑌 = 𝐴 sin(𝜔𝑡 +  𝜃)… . (3) 

Represents the equation of simple harmonic vibration of amplitude A.Squaring and adding Eq (2) 

𝐴2𝑠𝑖𝑛2𝜃 + 𝐴2𝑐𝑜𝑠2𝜃 =  𝑎2𝑠𝑖𝑛2𝛿 + 𝑎2(1 + cos 𝛿)2  

𝐴2(𝑠𝑖𝑛2𝜃 + 𝑐𝑜𝑠2𝜃) =  𝑎2𝑠𝑖𝑛2𝛿 + 𝑎2(1 + 𝑐𝑜𝑠2 𝛿 + 2 cos  𝛿)   

𝐴2 = 𝑎2𝑠𝑖𝑛2𝛿 + 𝑎2 + 𝑎2𝑐𝑜𝑠2 𝛿 + 2 𝑎2 cos  𝛿) 

𝐴2 = 2𝑎2 + 2 𝑎2 cos  ) 

𝐴2 = 2𝑎2(1 + cos  𝛿)   

𝐴2 = 2𝑎22𝑐𝑜𝑠2 𝛿

2
  

𝐴2 = 4 𝑎2𝑐𝑜𝑠2 𝛿

2
  

Intensity at a point is given by the square of the amplitude  

𝐼 = 𝐴2  

𝐼 =  4 𝑎2𝑐𝑜𝑠2 𝛿

2
  

Special cases: Case I: when phase difference δ = 0, 2π, 3π, 4π…2n π or path difference = x = 0, 

λ, 2λ,….nλ 

𝐼 =  4 𝑎2𝑐𝑜𝑠2(0) 

𝐼 =  4 𝑎2  i.e Intensity is maximum when the phase difference is a whole number of multiple  of 

2π or path difference is a whole number multiple of wavelength. 

Case II:  When phase difference, δ = π, 3π… (2n+1) π   or path difference  

x= 
𝜆

2
,
3𝜆

2
,
5𝜆

2
, … . . (2𝑛 + 1)

𝜆

2
 

𝐼 =  4 𝑎2𝑐𝑜𝑠2(𝜋) 

𝐼 =  0  i.e Intensity is minimum, when the path difference is an odd number multiple of half wave 

length. 

Energy distribution: from 𝐼 =  4 𝑎2𝑐𝑜𝑠2 𝛿

2
   it is found that the intensity at bright points I = 4 𝑎2, 

and at dark points it is zero. According to the law of conservation of energy, the energy cannot be 

destroyed, here also, the energy is not destroyed, but only transferred from the points of minimum 
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intensity to the points of maximum intensity. Therefore the formation of interference fringes is in 

accordance with the law of conservation of energy as shown in Fig.7. 

 

 
Fig.7. Bright and dark fringes are formed alternatively 

Fringe width: The phenomenon of interference of light has proved the validity of wave theory of 

light. In 1802, Thomas Young experimented on interference of light. 

 

Fig.8. Geometry of Young’s double-slit interface 

Consider a narrow monochromatic source ‘S’ and two pinholes ‘A’ and ‘B’, equidistant from 

‘S’.‘A’ and ‘B’ act as two coherent sources separated by a distance d’. Let a screen be placed at a 

distance ‘D’ from the coherent source. The point ‘C’ on the screen is equidistant from ‘A’ and ‘B’ 

and as the path difference between the two waves is zero, the point ‘C’ has maximum intensity. 

Consider a point ‘P’ at a distance ‘x’ from ‘C’. The waves from ‘A’ and ‘B’ reach at the point ‘P’ 

on the screen as shown in the Fig.8. 

Here, QP= 𝑥 −
ⅆ

2
 ,  𝑅𝑃 = 𝑥 +

ⅆ

2
 

From ∆ AQP ; (AP)2 = (AQ)2 +(QP)2  =D2 + (𝑥 −
ⅆ

2
 )2 

From ∆ BRP ; (BP)2 = (BR)2 +(RP)2  =D2 + (𝑥 +
ⅆ

2
 )2 

(𝐵𝑃)2 − (𝐴𝑃)2 = 2𝑥ⅆ 

𝐵𝑃 − 𝐴𝑃 =
2𝑥ⅆ

𝐵𝑃 + 𝐴𝑃
 

But 𝐵𝑃 = 𝐴𝑃 ≃ 𝐷 

Therefore path difference = 𝐵𝑃 − 𝐴𝑃 =
2𝑥ⅆ

2𝐷
= 

𝑥ⅆ

𝐷
 so Phase difference = 

2𝜋

𝜆
(
𝑥ⅆ

𝐷
) 
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Bright fringes: if the path difference is a whole number of multiples of wavelength ‘λ’, the point 

‘P’ is bright as 
𝑥ⅆ

𝐷
= 𝑛𝜆,   𝑤ℎ𝑒𝑟𝑒 𝑛 = 0,1,2,3, .. 

So,
𝑛𝜆𝐷

ⅆ
= 𝑥, gives the distance of the bright fringes from the point ‘C’. At ‘C’, the path difference 

is zero and a bright fringe is formed. 

When  𝑛 = 1, 𝑥1 = 
𝜆𝐷

ⅆ
;  𝑛 = 2, 𝑥2 = 

2𝜆𝐷

ⅆ
 ;  𝑛 = 3, 𝑥3 = 

3𝜆𝐷 

ⅆ
 ;…….  𝑥𝑛 = 

𝑛𝜆𝐷

ⅆ
  

The distance between any two consecutive bright fringes is 𝑥2 − 𝑥1 =
2𝜆𝐷

ⅆ
−

𝜆𝐷

ⅆ
=  

𝜆𝐷

ⅆ
……… (1) 

Dark fringes: If the path difference is an odd number multiple of half wavelength, the point ‘P’ 

is dark. 
𝜆ⅆ

𝐷
= (2𝑛 + 1)

𝜆

2
, 𝑤ℎ𝑒𝑟𝑒 𝑛 = 0,1,2, …  

Or 𝑥 =
(2𝑛+1)𝜆𝐷

2ⅆ
  gives the distance of dark fringes from the point ‘C’ 

When  𝑛 = 1, 𝑥1 = 
3𝜆𝐷

2ⅆ
 ; 𝑛 = 2, 𝑥2 = 

5𝜆𝐷

2ⅆ
 ;  𝑛 = 3, 𝑥3 = 

7𝜆𝐷 

ⅆ
 ……..  𝑥𝑛 = 

(2𝑛+1)𝜆𝐷

2ⅆ
  

The distance between any two consecutive dark fringes is  𝑥2 −   𝑥1 =
5𝜆𝐷

2ⅆ
−

3𝜆𝐷

2ⅆ
=  

𝜆𝐷

ⅆ
………(2) 

The distance between any two consecutive bright or dark fringes is known as fringe width. 

Bright and dark fringes are formed alternatively on both sides of ‘C’ as shown in Fig 8. From 

equations (1), (2), the width of the bright fringe is equal to the width of the dark fringe. The width 

of a bright or dark fringe is equal to 
𝜆𝐷

ⅆ
. The fringe width is =

𝜆𝐷

ⅆ
 . Hence spacing between any two 

consecutive maxima is the same. It is obvious that the spacing is directly proportional to D and   

and inversely proportional to d. 

4. Explain Fresnel’s prism or bi-prism. 

Fresnel used a bi-prism to show interference phenomenon. The bi-prism consists of two 

prisms of very small refracting angles joined base to base. In practice, a thin glass plate is taken 

and one of its faces is ground and polished till a prism (see Fig.9(a)) is formed with an angle of 

about 1790 and two side angles of the order of 300. When a light ray is incident on an ordinary 

prism, the ray is bent through an angle called the angle of deviation. As a result, the ray emerging 

out of the prism appears to have emanated from a source S’ located at a small distance above the 

real source, as shown in Fig.9(b). The prism produced a virtual image of the source. 

 

Fig.9. 

A bi-prism creates two virtual sources S1 and S2 as shown in Fig.9(c). These two virtual sources 

are images of the same source S produced by refraction and are hence coherent. 
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Experimental Arrangement: 

The bi-prism is mounted suitably on an optical bench. An optical bench consists of two 

horizontal long rods, which are kept strictly parallel to each other and at the same level. A 

monochromatic light source such as sodium vapour lamp illuminates a vertical slit S. Therefore 

the slits act as a narrow linear monochromatic light source. The bi-prism is placed in such a way 

that its refracting edge is parallel to the length of the slit S. A single cylindrical wave front incident 

on both prisms. The top portion of wave front is refracted downward and appear to have emanated 

from the virtual image S1. The lower segment, falling on the lower part of the bi-prism, is refracted 

upward and appears to have emanated from the virtual source S2. The virtual sources S1 and S2 are 

coherent as shown in Fig.10(a), and hence the light waves  interfere in the region beyond the bi-

prism. 

 
Fig.10.Geometry of bi-prism to show interference phenomenon 

If a screen is held there, interference fringes are seen. In order to observe fringes, a micrometer 

eyepiece is used. 

Theory: The theory of the interference and fringes formation in case of Fresnel bi-prism is same 

as in the case of the double slit. As the point is equidistance from S1 and S2, the central bright 

fringe of maximum intensity occurs there. On both the sides of O, alternate bright and dark 

fringes are produced as shown in Fig.10(b). The width of the dark or bright fringe is given by 

𝛽 =
𝜆𝐷

ⅆ
   _______(1) Where D = (a+b) is the distance of the source from the eyepiece 

Determination of Wavelength of Light: The wave length of light can be determine by using 

above Eq (1).The values of β, D and dare to be measured. These measurements are done as follows: 

Adjustments: A narrow adjustable slit S, the bi-prism, and a micrometer eyepiece are mounted at 

the same height and in a straight line. The slit is made vertical and parallel to the refracting edges 

of the bi-prism by rotating it in its own plane. It is illuminated with the light from the 

monochromatic source. The bi-prism is moved along the optical bench till, on looking through it 

along the axis of the optical bench, two equally bright vertical slit images are seen. Then the 

eyepiece is removed till the fringes appear in the focal plane of the eyepiece. 

(i) Determination of fringe width β: When the fringes are observed in the field of view of the 

eyepiece, the vertical cross wire is made to coincide with the centre of one of the fringes. The 

position of the eyepiece is read on the scale, say x0 .The micrometer screw of the eyepiece is 
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moved slowly and the number of the bright fringes N that pass across the cross-wire is counted. 

The position of the cross-wire is again read, say xN. The fringe width is then given by 

𝛽 =
𝑥𝑁−𝑥0

𝑁
   _______(2) 

(ii) Determination of ‘d’ :  A convex lens of short focal length is placed between the slit and the 

eye piece without disturbing their positions. The lens is moved back and forth near the bi-prism 

till a sharp pair of image of the slit is obtained in the field view of the eyepiece. The distance 

between the images is measured. Let it be denoted by d1. Consider Fig 11(a), If u is the distance 

of the slit and v that of the eyepiece from the lens, then the magnification is 
𝑣

𝑢
=

ⅆ1

ⅆ
____________(3) 

 
Fig.11.Measurement of the distance between the two virtual sources 

The lens is then moved to a position nearer to the eyepiece as shown in Fig. 11(b), where again a 

pair of images of the slit is seen. The distance between the two sharp images is again measured. 

Let it be d2. Again magnification is given by 
𝑢

𝑣
=

ⅆ2

ⅆ
___________(4) 

The magnification in one position is the reciprocal of the magnification in the other position. 

Multiplying the Eq(2) and (3) we get 
ⅆ1ⅆ2

ⅆ2 = 1 𝑜𝑟 ⅆ = √ⅆ1ⅆ2 _____(5) 

Using the value of b, d and D in equation =
𝜆𝐷

ⅆ
 . The wavelength  can be computed. 

Interference Fringes with White Light: In the bi-prism experiment if the slit is illuminated by 

white light, the interference pattern consists of a central white fringe flanked on its both the sides 

by a few colored fringes. The central white fringe is the zero-order fringe. With monochromatic 

light all the bright fringes are of the same colour and it is not possible to locate the zero order 

fringe. Therefore, in order to locate the zero order fringe the bi-prism is to be illuminated by 

white light. 

Lateral Displacement of Fringes: The bi-prism experiment can be used to determine the 

thickness of a given thin sheet of transparent material such as glass or mica.  

5. Explain Newton’s rings experiment. Derive expression for the diameter of the rings and 

wavelength of the source. 

Newton’s rings are of the best example for the interference in non-uniform thin film. When 

a plano-convex lens with its convex surface is placed on a plane glass plate, an air film of 

increasing thickness is formed between the two. The thickness of the film at the point of contact 

is zero. If monochromatic light is allowed to fall normally and the film is viewed in the reflected 

light, alternate dark and bright rings concentric around the point of contact between the lens and 
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glass plate are seen. These circular rings were discovered by Issac Newton in the year 1717 are 

called Newton’s rings. 

Experimental Arrangement: When a Plano convex lens of long focal length is placed on a plane 

glass plate, a thin air film is enclosed between the lower surface of the lens and the upper surface 

of the plate. The thickness of the air film is very small at the point of contact and gradually 

increases from the centre outwards. Fringes produce with monochromatic light are circular fringes 

are concentric circles, uniform in thickness with the centre of point of contact. When viewed with 

white light, fringes are coloured. With monochromatic light, bright and dark circular fringes are 

produced in the air film. From Fig.12  S = source of monochromatic light at the focus of lens ‘c’ 

Horizontal beam of light falls on the glass plate ‘G’ at 45ο.Glass plate ‘P’ reflects a part of the 

incident light towards the air film enclosed by the lens ‘C’ and plane glass plate ‘P’. Reflected 

beam form the air film is viewed with a microscope ‘M .Interference takes place, dark and bright 

circular fringes are produced. This is due to the interference between the light reflected from the 

lower surface of the lens (R1) and upper surface of the glass plate (R1) as shown in Fig.13. 

Theory of Newton’s rings by reflected light:  The theory of newton’s ring as shown in the Fig.14. 

From the Fig 14  R = radius of curvature of the lens, t = thickens of the air film at a distance of 

OQ = r, from point of contact ‘O’  

 

Fig.12. Newton’s rings experimental setup 

To find the thickness of the air film: 

According to the theory of intersection of chords, from the Fig.14, 𝐻𝑃 = 𝑀𝑂 

𝐻𝐸 × 𝐸𝑃 = 𝑀𝐸 × 𝐸𝑂 (From the property of the circle) 

𝑟 × 𝑟 = (𝑀𝐶 + 𝐶𝑂 − 𝐸𝑂) 𝐸𝑂  

𝑟 × 𝑟 = (𝑀𝐶 + 𝐶𝑂 − 𝐸𝑂) 𝐸𝑂     So  𝑟2 = (𝑅 + 𝑅 − 𝑡) 𝑡 

𝑟2 = (2𝑅 − 𝑡) 𝑡… (1) 

As 𝑅 ≫ 𝑡, 2𝑅 − 𝑡 = 2𝑅 in (1)  

𝑟2 = 2𝑅 𝑡 

𝑡 =
𝑟2

2𝑅
….. (2) 
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Fig 13. The Reflected light of Newton’s ring. 

 

Fig.14. Theory of Newton’s Ring 

To find the diameter of the rings and wavelength of the source: 

For bright   rings: We know that   2𝜇𝑡 cos 𝑟 = (2𝑛 − 1)
𝜆

2
…(3)  

As 𝜇 = 1 for air and as ‘r’ is small, cos r = 1 in Eq (3) 

2𝑡 = (2𝑛 − 1)
𝜆

2
  

𝑟2

𝑅
= (2𝑛 − 1)

𝜆

2
  

𝑟2 =
(2𝑛−1)𝜆𝑅

2
  

𝑟 = √
(2𝑛−1)𝜆𝑅

2
    So diameter D=2r 

𝐷𝑛 = 2𝑟 = 2√
(2𝑛−1)𝜆𝑅

2
        

𝐷𝑛 = (√2𝑛 − 1   ) √2𝜆𝑅     

𝐷𝑛
2 = 4 𝑛λR − 2R   

𝐷𝑛
2 = 2λR(2n − 1)  

𝐷𝑛 ∝ √2𝑛 − 1  i.e 𝐷 ∝ √𝑂ⅆⅆ 𝑛𝑎𝑡𝑢𝑟𝑎𝑙 𝑛𝑢𝑚𝑏𝑒𝑟  

Thus the diameters of the dark rings are proportional to the square root of the odd natural numbers. 

For dark   rings: We know that   2𝜇𝑡 cos 𝑟 = 𝑛λ… (4) 

As 𝜇 = 1 forair and as ‘r’ is small, cos r=1 in (4) 
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2𝑡 = 𝑛λ… (4) 

Substitute (2) in (4) 

2
𝑟2

2𝑅
= 𝑛λ  so  𝑟2 = 𝑛λR  

𝑟 = √𝑛λR 

Diameter D=2r so  𝐷𝑛 = 2𝑟 = 2√𝑛λR    

 𝐷 ∝ √𝑛 i.e 𝐷 ∝ √𝑛𝑎𝑡𝑢𝑟𝑎𝑙 𝑛𝑢𝑚𝑏𝑒𝑟 

Thus the diameters of the dark rings are proportional to the square root of the natural numbers. 

𝐷𝑛
2 = 4 𝑛λR 

𝐷𝑛+𝑚
2 = 4 (𝑛 + 𝑚)λR 

𝐷𝑛+𝑚
2 − 𝐷𝑛

2 = 4 (𝑛 + 𝑚)λR − 4 𝑛λR 

𝐷𝑛+𝑚
2 − 𝐷𝑛

2 = 4λR (n + m − n) 

𝐷𝑛+𝑚
2 − 𝐷𝑛

2 = 4λRm 

Therefore fringe width decreases with the order of the fringe and the fringes get closer with 

increase in their order and is shown in Fig.15. 

 

Fig.15. Newton’s ring pattern 

The radius of curvature of lower surface of the lens is determined with the help of a 

spherometer, but more accurately it is determined by Boy’s method. Hence the wavelength of a 

given monochromatic source of light can be determined by using Wavelength is 𝜆 =
𝐷𝑛+𝑚

2 − 𝐷𝑛
2

4 R(n−m)
,  

and n-m is obtained from the graph  Fig 16. 

Newton’s rings with white light: with monochromatic light, Newton’s rings are 

alternatively dark and bright. The diameter of the ring depends upon the wavelength of light used. 

When white light is used, the diameter of the rings of different colors will be different and colored 

rings are observed. Only the first few rings are clear and after that due to overlapping of the rings 

of different colors, the rings can’t be viewed. 
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Fig.16. D2 w .r.to number of rings 

7. Write short notes on Diffraction 

Diffraction is the slight bending of light as it passes around the edge of an object as shown 

in Fig.17. The amount of bending depends on the relative size of the wavelength of light to the 

size of the opening. If the opening is much larger than the light's wavelength, the bending will be 

almost unnoticeable. However, if the two are closer in size or equal, the amount of bending is 

considerable, and easily seen with the naked eye. The bending of light round the edges of an 

obstacle or the encroachment of light within the geometrical shadow is called diffraction.  

 

Fig.17. Diffraction of light in single slit 

Fig.18 shows the passage of waves through an opening, when opening is large compared 

to a wavelength, the waves do not bend round the edges, when the opening is small the bending 

effect round the edges is noticeable. When opening is small, the waves spread overall the surface 

behind the opening. The opening acts as an independent source of waves, which propagate in all 

directions behind the opening. 

When slit is very small, diffraction effect is observable quite close to slit. When slit is large, 

diffraction is observed at greater distances from the opening.  

Thus, larger the obstacle, greater the distance at which diffraction is detected provided when waves 

have enough energy. Diffraction effect will be observed only when a narrow source is used and a 

part of the wave is cut off by some obstacle. 

Note: diffraction of light is the result of superimposition of waves from coherent sources on the 

same wave front after the wave front has been distorted by some obstacles. 
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 Fig.18.Diffraction of light w.r.to slit width 

Types of diffraction: Based on the wavelength of the source, size of the obstacle and the distance 

between the source and the screen, there are two types of diffractions.  

 (1) Fresnel diffraction (2) Fraunhoffer diffraction. 

8. What is Fresnel Diffraction and Fraunhoffer diffraction?  

Fresnel diffraction also referred to as near-field diffraction is a form of diffraction which 

occurs when a wave passes through an aperture and diffracts in the near field, causing any 

diffraction pattern observed to differ in size and shape depending on the distance between the 

sources of the obstruction (aperture) to the screen (projection). 

When either the distance from the source to the obstruction or the distance from the obstruction 

to the screen is comparable to the size of the obstruction, Fresnel diffraction occurs. 

 Source and screen are not far away from each other. 

 Incident wave fronts are spherical. 

 Wave fronts leaving the obstacles are also spherical. 

 Convex lens is not needed to converge the spherical wave fronts. 

 Deals with non-plane wave fronts, experimentally simple, but the analysis is complex. 

 The Fresnel diffraction of light as shown in Fig 19. 

 

Fig.19.Fresnel diffraction of light 
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 Fraunhofer diffraction also referred to as Far-field diffraction, is a form of diffraction in which 

light source and the reception screen are considered as at infinite distances or at great distance 

from the diffracting object, so that the resultant wave fronts are considered as planar rather than 

spherical. 

 Source and the screen are far away from each other. 

  Incident wave fronts on the diffracting obstacle are plane. 

  Diffracting obstacle give rise to wave fronts which are also plane. 

  Plane diffracting wave fronts are converged by means of a convex lens to produce 

diffraction pattern 

 Can be established in the laboratory on a spectrometer. Simple to analyze mathematically. 

 The Fraunhoff diffraction of light as shown in Fig.20. 

 

Fig.20. Fraunhofer diffraction of light 

Note: As the rays are parallel and in view of its simplicity, we restrict our study to Fraunhoffer 

diffraction only. 

9. What are the differences between Diffraction and Interference? 

Interference Diffraction 

1. Interference may be defined as waves emerging 

from two different sources, producing different wave 

fronts. 

1. Diffraction on the other hand can be termed as 

secondary waves that emerge from the different parts 

of the same wave front. 

2. In interference the intensity of all the positions on 

maxima are of similar intensity. 

2. In diffraction, there is a variance of the intensity of 

positions. 

3. The width of the fringes are equal in interference. 3.The width of the fringes is not equal in diffraction 

4. In the case of interference all bright fringes have 

same intensity. 

4. In the case of diffraction, there is a variance in the 

intensity decreases with increase in order. 
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5. If the number of sources are few such as two 

sources, then they are referred to as interference 

sources. 

5.If the number of sources are many, that is more 

than two then it is referred to as diffraction sources 

10. Explain Fresnel’s half period zone. 

According to Fresnel's the entire wave front can be divided into a large number of parts 

of zones which are known as Fresnel's half period zones (HPZ's). The resultant effect at any point 

on screen is due to the combined effect of all the secondary waves from the various zones. 

 

 

 

 

 

 

 

 

Fig.21. 

Let ABCD (Fig.21.) be a monochromatic plane wave front of wavelength  proceeding in 

the direction of arrow and P is a point where the resultant intensity is to be calculated. The 

calculation of resultant intensity as much as complicated but it was simplified by Fresnel by 

dividing the wave front into a number of zones known as Fresnel’s half period zone. 

Let PO be the normal to the wave front (PO = p say). With p as the center and radii equal 

to p+/2, p+2/2…….+ p + n/2 spheres are drawn. The plane ABCD cuts these spheres in 

concentric circles with center O and radii OM1, OM2, OM3,------- OMn. The area of the first 

innermost circle is the first half period zone. Similarly the areas enclosed between first and second 

circle, second and third circle….. (n-1)th and nth circle are known as 2nd , 3rd …… nth half period 

zones respectively. It is assumed that a resultant wave starts from each zone. 

Relative Phases of the zones. As M1P= OP + /2, hence the ray reaching at P from O and 

the circumference of the circle of radius OM1 are in opposite phase, i.e. there is a path difference 

of /2  or a phase difference of π. The phase difference due to other points lying in the circle of 

radius OM1  will vary from o to π. Thus the mean phase of the secondary wavelets originated from 

first zone may be taken as (0 + π/2) = π/2. The phase due to M1 and M2 will differ by π. Thus the 

mean phase of the secondary wavelets originated from first zone may be taken as (π + 2π/2) = 

3π/2. Similarly  it can be shown that mean phase due to 3rd ,4th, ….etc zones are 5π/2, 7π/2…..etc. 

respectively. The successive zones differ in phase by π or by a half period (T/2), that is why they 

are called as half period zones. 

Amplitude due to a zone 

The amplitude of disturbance at P due to the wave from a zone varies. 
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1) Directly as the area of the zone: The area of half period zone is equal to πp  

2) Inversely as the average distance of the zone from P: The average distance of the nth zone 

from P = 𝑝 + (2𝑛 − 1)
𝜆

4
 

3) Directly as f(n) : Amplitude to the nth zone is  ∝ 𝜋𝜆𝑓(𝜃𝑛) . As the order of the zone increases 

f(n) decreases. Thus the amplitude of wave from a zone at P decreases as n increases. 

Where f(n) is  a function  of n. n  is a measure of the obliquity of the nth zone.  

Resultant amplitude: 

The resultant amplitude at P due to the whole wave front = R1/2. 

Thus the amplitude due to a large wave front at a point is just half that due to first half 

period Fresnel zone.  

The resultant intensity 𝐼 ∝  (
𝑅1

2
)
2

∝
𝑅1

2

4
  

The intensity will be one fourth that due to the first half period zone 

11. Write a short note on Zone plate 

A zone plate is used for focusing light, like a lens. However, light through a lens undergoes 

refraction but light through a zone plate undergoes diffraction. This is based on the principle 

of Fresnel Lenses - and so is known as Fresnel Zone Plate. 

A zone plate consists of a set of radially symmetric rings, known as Fresnel zones, which alternate 

between opaque and transparent. Light striking the zone plate will diffract around the opaque zones 

as shown in Fig.22. The zones can be spaced so that the diffracted light constructively interferes 

at the desired focus, creating an image there. 

A magnifying glass - or a condenser lens - is thick in the middle - a convex lens. It would 

not be very easy to make a large magnifying glass lens because it would be thick, heavy and hard 

to mount. A Fresnel lens is flat on one side and ridged on the other side. 

Light rays pass through a traditional convex lens works and are refracted, causing the light 

to converge into a single point - the focal point, the distance to which is the focal length of the 

lens. 

Applications include art cameras (replacing pinhole cameras) X-ray microscopy, Opto 

fluidic microscopy and so on. 

 

   

Fig.22. Zone plate 
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12. Explain Fraunhofer diffraction from a single slit. 

Let S is a source of monochromatic light of wavelength λ, L1is collimating lens AB is a 

slit of width a, L2 is another conversing lens and MN is the screen light coming out from source 

and passing through slit is focused at the screen. A diffraction pattern is obtained on the screen 

which consists of central bright band having alternate dark and bright bands of decreasing intensity 

on both the sides. The complete arrangement is shown in Fig.23. 

 

Fig.23. Fraunhofer diffraction from a single slit 

Analysis and explanation: According to Huygen’s theory a point in AB send out secondary waves 

in all directions. The diffracted ray along the direction of incident ray are focused at P1 and those 

at an angle ⍬ and focused at P2. Being at equidistant from all slits points, secondary wave will 

reach in same phase at P1 and so the intensity well be maximum. For the intensity at P2, let AN is 

normal  from A to the light ray  B, then path difference between the wavelets from A and B in the 

direction of ⍬ is given by 

Path difference = BN = AN sin θ = a sin θ 

Phase difference = 2π/λ  x  Path difference 

Phase difference = 2π/λ a sinθ 

which is zero for the ray from A and maximum for the ray from B. Let AB consists of n 

secondary sources then the phase difference between any two consecutive source will be 
1

𝑛
[𝑇𝑜𝑡𝑎𝑙 𝑝ℎ𝑎𝑠𝑒] =  

1

𝑛
(
2𝜋

𝜆
) 𝑎 𝑠𝑖𝑛𝜃 = ⅆ(𝑠𝑎𝑦) ______________(1) 

Using method of vector addition of amplitudes, the resultant amplitude and phase at P2 will be 

𝑅 =
a sin𝑛ⅆ/2

sinⅆ/2
      _______________(2) 

Substitute equation (1) in to equation (2), we get 

𝑅 =
𝑎 𝑠ⅈ𝑛(𝜋𝑎𝑠ⅈ𝑛𝜃/𝜆)

sin(𝜋𝑎𝑠ⅈ𝑛𝜃/𝑛𝜆)
 ; 𝑅 =

𝑎 sin𝛼

sin𝛼/𝑛
       Where  𝛼 = 𝜋𝑎𝑠𝑖𝑛𝜃/𝜆 

𝑅 = 𝑎 
sin𝛼

𝛼/𝑛
       where α/n is very small 

𝑅 = 𝑛𝑎 
sin𝛼

𝛼
        

𝑅 = 𝐴0
sin𝛼

𝛼
, 𝑤ℎ𝑒𝑟𝑒 𝑛𝑎 = 𝐴0_____________(3) 

Thus the resultant intensity at a point P1 on the screen is given by a measure of  
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𝐼 =  𝑅2 = 𝐴0
2 𝑠ⅈ𝑛𝛼

2

𝛼2
= 𝐼0 [

sin𝛼

𝛼
]
2

 where  𝐼0 = 𝐴0
2 

𝐼 =  𝐼0 [
sin 𝛼

𝛼
]
2

________(4) 

Thus, the magnitude of the resultant intensity at any point on the screen is a function of 𝛼 and the 

slit width  ′𝑎′. 

Conditions of maxima and minima: 

It is clear from Eq (3) that the resultant amplitude R will be a maximum when  

sin 𝛼

𝛼
= 1,𝑤ℎ𝑖𝑐ℎ 𝑖𝑠 𝑡𝑟𝑢𝑒 𝑤ℎ𝑒𝑛  𝛼 → 0, 𝑖. 𝑒. 

𝜋

𝜆
𝑎 sin 𝜃 → 0 𝑜𝑟 sin 𝜃 → 0 

𝜃 = 0, From eqn (3), 

𝑅 =
𝐴0

𝛼
[𝛼 −

𝛼3

˪3
−

𝛼5

˪5
+

𝛼7

˪7
+ ⋯ . . ] ;  𝑅 =  𝐴0 [1 −

𝛼2

˪3
−

𝛼4

˪5
+

𝛼6

˪7
+ ⋯ . . ]  

𝑅 = 𝐴0 𝑓𝑜𝑟 𝛼 = 0, Hence the intensity corresponding to  𝛼 = 0 𝑖𝑠 𝐼 =  𝑅2 = 𝐴0
2 = 𝐼0. 

This is called as the intensity of central (principal) maximum P1. 

In order to determine the position of maximum intensity P2, let us differentiate Eq(4) w.e.to 𝛼 and 

equate it zero. So 
ⅆ𝐼

ⅆ𝛼
= 2𝐼0

𝑆ⅈ𝑛 𝛼

𝛼
[
𝛼 cos𝛼−sin𝛼

𝛼2 ] = 0  

Since 𝐼0 cannot be zero, either 𝑆𝑖𝑛 𝛼 = 0 𝑜𝑟 𝐶𝑜𝑠 𝛼 = 0. The equation 𝑠𝑖𝑛 𝛼 = 0 determines the 

positions of minima (Eq (3)) except when 𝛼= 0, because it corresponds to the position of principal 

maximum. Therefore, the following condition should be satisfied for obtaining the expression for 

minima. 

𝑆𝑖𝑛 𝛼 = 0 𝑜𝑟 𝛼 = ∓ 𝑛𝜋  Or  
𝜋

𝜆
 𝑎 sin 𝜃 =  ∓ 𝑛𝜋 

𝑎 sin 𝜃 =  ∓ 𝑛 , 𝑛 = 1,2,3, .. 

The position of Secondary maxima is given by   

𝛼 cos𝛼 − 𝑆𝑖𝑛 𝛼 = 0, Or 𝛼 = tan𝛼 

This equation can be solved graphically by plotting the curves 𝑦 =  𝛼, 𝑎𝑛ⅆ 𝑦 = tan𝛼 as shown in 

Fig.24(b). 

The first relation 𝑦 = 𝛼 represents the equation of straight line passing through the origin making 

an angle of 450 with the axis and the equation 𝑦 = tan 𝛼 represents a discontinuous curve having 

a number of branches with asymptotes at the intervals of 𝜋. 

The points of intersection of these curves will give the values of  𝛼 that will satisfy the 

relation   𝛼 = tan𝛼.Therefore, the maximum occur when  

𝛼 =
3𝜋

2
,
5𝜋

2
,
7𝜋

2
, … . 𝑜𝑟 𝛼 = (2𝑛 + 1)

𝜋

2
, 𝑛 = 1,2,3…   

These are called points of secondary maxima. A measure of intensity of first secondary maxima is 

obtained from Eq (4) with 𝛼 =
3𝜋

2
, 𝑎𝑠   

𝐼1 = 𝐴0
2 [

𝑆ⅈ𝑛 (
3𝜋

2
)

3𝜋

2

]

2

=
4

9𝜋2 𝐼0 ⋍
𝐴2

22
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Similarly the intensity of second secondary maxima is 𝛼 =
5𝜋

2
 

𝐼2 = 𝐴2 [
𝑆ⅈ𝑛 (

5𝜋

2
)

5𝜋

2

]

2

=
4

25𝜋2 𝐼0 ⋍
𝐴2

62
    

Similarly,  𝛼 =
7𝜋

2
  

𝐼3 = 𝐴2 [
𝑆ⅈ𝑛 (

7𝜋

2
)

7𝜋

2

]

2

=
4

49𝜋2
𝐼0 ⋍

𝐴2

125
   and so on.  

From the above expressions, it is evident that most of the incident light is concentrated at the 

principal maximum. Thus the ratio of relative intensities of successive maxima is 

𝐼: 
𝐴2

22
: 

𝐴2

62
: 

𝐴2

125
: ….the intensity of the first secondary maxima is as shown in Fig.24(a) 

 

 

 

 

 

 

Fig 24. (a) Plotting the curves 𝑦 =  𝛼, 𝑎𝑛ⅆ 𝑦 = tan𝛼 (b) Intensity distribution 

Width of central maximum: 

Expression for minima in single slit diffraction is  a sin𝜃 = ± 𝑛𝜆 

For the first minima   n=1, a sin𝜃 = 1𝜆 

a sin𝜃 = 𝜆sin𝜃 = 
𝜆

𝑎
 … (1) 

Let the distance of the first secondary minimum (P2) from the center of the principal maximum 

(P1) be x from the Fig.23. So Width of central maximum = 2x 

If the lens L2 is very near, the slit or the screen is far away from the lens L2, then 

𝑠𝑖𝑛𝜃 =
𝑥

𝑓
… (2)     Where f= focal length of the lens L2 

from Eq(1) & 2  
𝜆

𝑎
=

𝑥

𝑓
  so  𝑥 =

𝜆𝑓

𝑎
… (3) 

Therefore, the width of the central maximum W = 2𝑥 so  𝑊 =
2𝜆𝑓

𝑎
… (4) 

Effect of slit Width, changing wave length: 

From Eq(1) we can conclude that, If slit width a is large, then for a given wavelength of light, 𝑠𝑖𝑛𝜃 

is small and hence 𝜃 is small. This means that the, maxima and minima lie very close to the central 

maximum. If slit width a is narrow, 𝜃 is large and then diffraction maxima and minima are quite 

distinct and clear changing wave length: From Eq(3) we can conclude  x ∝ 𝜆    i.e., on increasing 

 𝜆 , x also increases which means, the envelop becomes broader and the fringes move further apart. 
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Width of central maxima dependency: From Eq(4) we can conclude that; The width of the 

central maximum is proportional to ‘λ’ (wavelength of the light).With red light (longer wave 

length), the width of the central maximum is more than with violet light (shorter wavelength) for 

a given slit. With a narrow slit, the width of the central maximum is more. 

13. Explain Plane diffraction grating? 

Fraunhoffer diffraction at N-slits: Plane Diffraction Grating 

A diffraction grating is an extremely useful device and in one of its forms, it consists of a 

very large number of narrow slits side by side, slits are separated by opaque spaces as shown in 

Fig.25.  There are two types of gratings. 

 

 

 

 

 

 

 

Fig 25. A grating element separated by slits and opaque spaces 

Transmission Gratings: When a wave front is incident of a grating surface, light is transmitted 

through the slits and obstructed by opaque portions such a grating is called a transmission grating. 

The secondary waves form the positions of the slits interfere with one another, similar to the 

interference of waves in Young’s experiment. 

Joseph Fraunhoffer used the first gratings which consist of a large number of parallel fine 

wires stretched on a frame. Now, gratings are prepared by using equidistant parallel lines on a 

glass surface. The lines are drawn with a fine diamond point. The space in between any two lines 

is transparent to light and the lined portion is opaque to light. Such surfaces act as a transmission 

gratings. 

Reflection Gratings: If the lines are drawn on a silvered surface (plane or concave), then the light 

is reflected form the positions of the mirror in between any two lines and such surfaces act as 

reflection gratings. If the spacing between the lines is of the order of the wavelength of light, then 

an appreciable deviation of the light is produced. Gratings used for the study of the visible region 

of the spectrum contain 10,000 lines per cm. gratings with originally ruled surfaces are only few. 

For practical purposes, replicas of the original gratings are prepared. 

On the original grating surface, a thin layer of colloidal solution is poured and the solution 

is allowed to harden. Then, the film of colloidal is removed from the grating surface and then fixed 

between two glass plates. This serves as a plane transmission grating. A large number of replicas 

are prepared in this way from a single original ruled surface. A measure of resultant intensity is 

given by 𝐼 =  𝑅2 =
𝐴0

2𝑆ⅈ𝑛2𝛼 

𝛼2

𝑆ⅈ𝑛2𝑁𝛽

𝑆ⅈ𝑛2𝛽
 ______(1) 
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The factor 
𝐴0

2𝑆ⅈ𝑛2𝛼 

𝛼2  gives the intensity distribution in diffraction pattern due to a single slit, while 

the factor 
𝑆ⅈ𝑛2𝑁𝛽

𝑆ⅈ𝑛2𝛽
yields the interference pattern due to N-Slits. 

1. Analysis of Factor 
𝑺𝒊𝒏𝟐𝑵𝜷

𝑺𝒊𝒏𝟐𝜷
 showing interference principal Maxima 

The Intensity of principal maxima is given by 𝐼 =  
𝐴0

2𝑆ⅈ𝑛2𝛼 

𝛼2 𝑁2 ________(2). That is the resultant 

intensity of maxima becomes 
𝐴0

2𝑆ⅈ𝑛2𝛼 

𝛼2 𝑁2. therefore the resultant intensity of any of the principal 

maxima in the diffraction pattern can be obtained by multiplying 𝑁2  to the factor 
𝐴0

2𝑆ⅈ𝑛2𝛼 

𝛼2 . Being 

proportional to 𝑁2, the brightness of the principal maxima increases with the increase of number 

of slits. These maxima is obtained in the direction given by  

(𝑎 + 𝑏) sin 𝜃 =  ∓ 𝑛𝜆  Where n = 0, 1, 2,……_________(3) 

For n =  0 we get θ = 0, which gives zero order principal maximum. For the other values of n as 

1, 2, 3, we obtain first, second, third…order principal maximum respectively. The condition for 

the existence of a principal maximum is sometimes called the diffraction grating equation. The 

value of n gives the order of the diffraction. 

2. Minima: The intensity expression for minimum is given by 𝑁 (𝑎 + 𝑏) sin 𝜃 =  ∓ 𝑛𝜆 _____(4) 

Here n can have all integral values except 0, N, 2N, 3N…….nN.  

It is clear form Eq(4)  that n=0 gives principal maximum of zero order, n= 1,2,3,… (N-1) give 

minima and n=N gives again principal maximum of first order. Thus, there are (N-1) equispaced 

minima between two consecutive principal maxima. 

3. Secondary Maxima: As there are (N-1) minima between two successive principal maxima, in 

order to differentiate two consecutive minima there should be a maximum between them. 

Therefore, there would be (N-2) maxima between (N-1) minima. These maxima are known as 

secondary maxima. The intensity of secondary maxima is given by  

𝑰𝒔 =
𝐴0

2𝑆ⅈ𝑛2𝛼 

𝛼2

𝑁2

1+(𝑁2−1)𝑆ⅈ𝑛2𝛽
…(5)   

It is clear form Eq(5) that, the intensity of secondary maxima is proportional to 
𝑁2

1+(𝑁2−1)𝑆ⅈ𝑛2𝛽
 

Since the intensity of principal maxima is proportional to N2. 
𝑰𝒏𝒕𝒆𝒏𝒔𝒊𝒕𝒚 𝒐𝒇 𝒔𝒆𝒄𝒐𝒏𝒅𝒂𝒓𝒚 𝒎𝒂𝒙𝒊𝒎𝒂 

𝑰𝒏𝒕𝒆𝒏𝒔𝒊𝒕𝒚 𝒐𝒇 𝒑𝒓𝒊𝒏𝒄𝒊𝒑𝒂𝒍 𝒎𝒂𝒙𝒊𝒎𝒂
=

1

1+(𝑁2−1)𝑆ⅈ𝑛2𝛽
  

Hence as N increases, the intensity of secondary maxima decreases. In case of diffraction grating 

N is very large. Therefore, the secondary maxima are not visible in the spectrum and there is 

complete darkness between two successive principal maxima. 

4. Intensity Distribution: the intensity distribution or diffraction pattern due to N slits or 

diffraction grating is as shown Fig.26. 
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Fig.26. Intensity Distribution 

P- Position of central maxima 1, 2 etc. on the two sides of ‘p’ represent 1st, 2nd, etc principal 

maxima. a, b, c  etc are secondary maxima, d,e… etc are secondary minima. The intensity as well 

as angular spacing of the secondary maxima and minima is so small in comparison to the principal 

maxima, that they can’t be observed. It results in uniform darkness between any two principal 

maxima. 

14. Write a short notes on spatial coherence and temporal coherence. 

Spatial coherence: The two light fields at different point in space maintain a constant phase 

difference over any time (t) they are said to be spatial coherence. Consider a cardboard having two 

pin holes S1 and S2 at variable separation (y), as shown in Fig 27. The card board is placed at 

distance D from point source S. The interference pattern produced is observed on screen placed to 

the right of slit S1 and S2. The distance between the slit is varied and maximum separation i.e., 

S1S2 = ymax, for which sustained interference on the screen is observed, is calculated. This 

maximum distance is called coherence length of source.   

Temporal Coherence: Temporal coherence refers to phase relation between light field at a point 

and the light field at the same point at later time a perfectly coherent source light radiations of 

constant amplitude as shown in Fig.28(a).The correlation of phase between the light fields at a 

point over a period of time. However in active practice no coherent source emits ideal sinusoidal 

field for all values of time. This is because atoms in excited state emits pulse of short duration of 

the order 100 sec and returns to initial state. After this, phase changes abruptly as shown in 

Fig.28(b). 

Fig.27.                                                                       Fig.28. 

Polarization of light 

Introduction : On the basis of phenomena of interference and diffraction it was established that 

light is  a form of wave motion .But these phenomena do not reveal the character of this wave 
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motion i.e., Whether it is longitudinal or transverse or whether the vibration is linear, circular, 

elliptical or torsional. These shortcomings were explained by phenomena known as the 

polarization of light. 

15. What is Polarization of light waves? Represent unpolarised and polarised Light? 

A phenomenon of Polarization of light waves has been observed in light when it is passed 

through a crystal called tourmaline occurring in nature. When ordinary light is passed through a 

pair of tourmaline crystal plated P1 and P2 with their planes at right angles to the direction of 

propagation of light (Fig 29(a)). The intensity is maximum in this position. But when the plane P2 

is rotated through 90o (Fig 29(b)), the intensity is minimum in this case. This shows that light is a 

transverse wave motion. So it is clear that after passing through the crystal P1, the light vibrates 

only one direction i.e., it is polarized because it has acquired the property of one-sidedness. 

 

Fig.29. Action of tourmaline crystal as a) polarizer and b) Analyzer 

Polarization Applications 

Following are the applications of polarization: 

 Polarization is used in sunglasses to reduce the glare. 

 Polaroid filters are used in plastic industries for performing stress analysis test. 

 Three-dimensional movies are produced and shown with the help of polarization. 

 Polarization is used for differentiating between transverse and longitudinal waves. 

 Infrared spectroscopy uses polarization. 

 In Chemistry, the chirality of organic compounds are tested using polarization technique.  

 Representation unpolarised and polarised Light? 

Unpolarised Light: The ordinary is also called as Unpolarised Light, consist of very large number 

of vibrations in all planes with equal probability at right angles to the direction of propagation. So 

Unpolarised Light is defined as a light wave that is vibrating in more than one plane is referred to 

as unpolarized light. Ex. Lamp, candle flame, sun light etc. Unpolarised Light is represented by a 

star as shown in Fig 30 (a) 

But the purpose of representation it is consist of two mutual perpendicular directions XX1 

and YY1. If the direction of propagation of light is considered to be along the plane of the paper, 

then for unpolarised light the vibrations perpendicular to the plane of the paper are indicated by 
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dots (XX1) and vibrations parallel to the plane of the paper are indicated by arrows (YY1) as shown 

in Fig 30(b). 

 
Fig.30. (a) Un Polarized light and (b) Its Representation 

Plane polarized light: If the vibrations are confined to a single plane either in the direction along 

the plane of the paper or in the direction perpendicular to the plane of the paper then it is called 

plane polarized light. The vibrations along the plane of the paper are represented by arrows 

Fig.30(c) while the   vibrations perpendicular to the plane of the paper are represented by dots 

Fig.30(d). 

 

 

 

Fig.30. Plane polarized light (c) Vertical vibrations (d) Horizontal vibrations  

Partially Plane polarized light 

If linearly polarized light contains small additional component of unpolarised light, it 

becomes partially plane polarized light. Then it is represented by either more arrows and less dots 

as shown in Fig.30 (e) or less arrows and more dots as shown in Fig.30(f). 

 

 

 

 

 

 

Fig.30.Partially plane (e) More vertical less horizontal (f) Less vertical more horizontal 

Circularly polarized light: In circular polarization, the electric vector of constant amplitude no 

longer oscillates but rotates while proceeding in the form of helix. The projection of a wave on a 

plane intercepting the axis of propagation gives a circle with the amplitude of the vector remaining 

constant as shown in Fig.30 (g). If the vector rotates in the clockwise direction with respect to the 

direction of propagation, it results right-circularly polarized light while the rotation in anti-

clockwise direction results in left-circularly polarized light. 
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Elliptically polarized light: In Circular polarized, the electric vector of constant amplitude rotates 

while proceeding. If the amplitude of the electric vector is not a constant but varies periodically 

then it results elliptically polarized light. The electric vector has minimum amplitude while 

oscillating vertically and rotates while propagating to have maximum amplitude when oscillating 

horizontally as shown in Fig.30 (h). 

 

 

Fig.30. (g) Circular and (h) Elliptically polarized light 

16. Write short notes on Plane of polarized light 

You cannot differentiate between unpolarized and plane polarized light with naked eyes. 

This can be done through the use of a crystal that can act as a polarizer as well as an analyzer. Let 

us consider Fig 31 a tourmaline crystal or Nicol prism used to obtain plane polarized light is called 

polarizer i.e Crystal A. Another such crystal to analyze and study the nature of light acts as 

the analyzer i.e Crystal B.  

A tourmaline crystal A cut parallel to its crystallographic axis. Ordinary light source S on 

passing through the polarizer becomes plane polarized. If the analyzer is rotated in the path of 

transmitted light such that their crystallographic axes of both A and B are parallel, the intensity of 

light is maximum as shown in Fig 31(a). However, the intensity becomes minimum, when the 

crystallographic axes of the two crystals are kept perpendicular to each other as shown in Fig 31(b). 

Polarized light got through a tourmaline crystal is an example of selective absorption. When 

unpolarised light passes through the crystal, the vibrational components parallel to the 

crystallographic axis alone are permitted to pass through while other components are absorbed. 

Hence sufficiently thick tourmaline crystal is a good polarizer. The property of plane polarized 

light with respect to two planes, one containing vibrations and another at right angles to it. In 

Fig.32 the plane ABCD contains oscillations of light and this plane is called plane of oscillations 

and the plane PQRS perpendicular to the plane of oscillation is called plane of polarization. 

 

Fig.31. Action of tourmaline crystal as a) polarizer and b) analyzer. 
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Fig.32. Plane of polarization (PQRS) and plane of oscillation (ABCD) 

17. Define Brewster’s law. Derive expression for Brewster’s law 

Brewster’s law is a relationship of light waves at the maximum polarization angle of 

light. This law is named after Sir David Brewster, a Scottish physicist, who proposed the law in 

the year 1811. The law states that the p-polarized rays vanish completely on different glasses at a 

particular angle. 

Further, the polarization angle is also called as Brewster’s angle. It is an angle of 

incidence where the ray of light having a p-polarization transmitted through a dielectric surface 

that is transparent without any reflection. While, the unpolarised light at this angle is transmitted, 

the light is reflected from the surface. 

When unpolarised light of certain wavelength is incident upon the surface of a transparent 

substance it experiences maximum plane polarization at the angle of incidence whose tangent is 

the refractive index of the substance. The specific value of angle of incidence at which the reflected 

light is completely polarized is called as the polarizing angle 

μ = tanip   where  µ= Refractive index of the medium, ip = polarizing angle 

 

 

Fig.33. Polarization by reflection 

Proof: Brewster was able to determine that the refractive index of the medium is numerically 

equal to the tangent angle of polarization.  μ=tan ip 

In Fig.33. XY represents the surface of transparent medium. PO is the incident unpolarised light 

while OQ and OR are the reflected and refracted light. 

Angle PON= i (angle of incidence) 

Angle N1ON= r (angle of refraction) 

From Snell’s Law: 

 𝜇 =  
sin ⅈ

sin 𝑟
  ……..1 

From Brewster’s Law: 
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𝜇 = tan 𝑖𝑝 =
sin ⅈ

sin 𝑟
……..2 

Comparing both formulas: 1 and 2 

cos i=sin r   i.e. sin(90-i) = sin r  or  90 - i = r 

 i + r = π/2 or 90o 

From Fig.33. Angle NOQ + Angle QOR+ Angle N1OR = 180o 

i + Angle QOR + r =180o 

Hence angle = 180o – (i + r)  = 180o –90o  = 90o 

Hence it is proved that the reflected and refracted rays are at right angles 

18. Explain the concept Double refraction, 

Double refraction, also called birefringence, an optical property in which a single ray of 

unpolarized light entering an anisotropic medium is split into two rays, each traveling in a different 

direction. One ray (called the extraordinary ray) is bent, or refracted, at an angle as it travels 

through the medium; the other ray (called the ordinary ray) passes through the medium unchanged. 

The Fig.34. Shows the phenomenon of double refraction through a calcite crystal. An 

incident ray is seen to split into the ordinary ray CO and the extraordinary ray CE upon entering 

the crystal face at C. If the incident ray enters the crystal along the direction of its optic axis, 

however, the light ray will not become divided. 

 
Fig 34. (a) Double refraction in Calcite crystal (b) Cross section view of Calcite crystal 

In double refraction, the ordinary ray and the extraordinary ray are polarized in planes 

vibrating at right angles to each other. Furthermore, the refractive index (a number that determines 

the angle of bending specific for each medium) of the ordinary ray is observed to be constant in 

all directions; the refractive index of the extraordinary ray varies according to the direction taken 

because it has components that are both parallel and perpendicular to the crystal’s optic axis. 

Because the speed of light waves in a medium is equal to their speed in a vacuum divided by the 

index of refraction for that wavelength, an extraordinary ray can move either faster or slower than 

an ordinary ray. 

Fig.34(b) shows Cross section view of Calcite crystal while viewed along the beam 

direction. When the crystal is oriented about the beam axis, the e-ray rotates about the fixed o-ray. 

Such crystals are good polarizers if we eliminate any one of the ray. One such arrangement is Nicol 

prism. 

Double refraction can be observed by comparing two materials, glass and calcite. If a pencil 

mark is drawn upon a sheet of paper and then covered with a piece of glass, only one image will 
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be seen; but if the same paper is covered with a piece of calcite, and the crystal is oriented in a 

specific direction, then two marks will become visible. 

 19. Explain Concept of production of polarized beam of light from two SHM acting at 

right angle. 

Theory of production of Plane, Circularly and Elliptically Polarized light 

Let us consider a beam of plane polarized light obtained by passing unpolarised light 

through a polarizer. This light is made to fall normally on a calcite crystal cut with its optic axis 

parallel to its faces. Let  be the angle which the plane of vibration of polarized light makes with 

the optic axis of the crystal as shown in Fig.35(a). On entering the crystal, the plane polarized is 

split into two components ordinary and extraordinary as shown in Fig.35(b). 

 

Fig 35. Production of elliptically polarized light 

If A is the amplitude of the plane polarized light, Acos is the amplitude of extra ordinary 

component PE along the optic axis and Asin is the amplitude of ordinary component PO in the 

direction perpendicular to   optic axis as shown in Fig.35(c). Since these components travel 

different velocities, they emerge out of the crystal with some phase difference. This phase 

difference  depends upon the thickness of the crystal. The equations for such waves can be 

written as 

𝑥 = 𝐴𝑐𝑜𝑠𝜃𝑠𝑖𝑛(𝜔𝑡 + 𝜙) for extraordinary ray---------------(1) 

𝑦 = 𝐴𝑠𝑖𝑛𝜃𝑠𝑖𝑛 𝜔𝑡 for ordinary ray---------------(2) 

Let A cos = a and Asin = b, then 

𝑥 = 𝑎𝑠𝑖𝑛(𝜔𝑡 + 𝜙)----------(3) 

𝑦 = 𝑏𝑠𝑖𝑛 𝜔𝑡----------(4) 

From Eq(4)   
𝑦

𝑏
= 𝑠𝑖𝑛 𝜔𝑡  Or 𝑐𝑜𝑠 𝜔𝑡 =  √1 − 

𝑦2

𝑏2
  ----------------(5) 

From Eq (3) 
𝑥

𝑎
= 𝑠𝑖𝑛 𝜔𝑡 𝑐𝑜𝑠𝜙 +  𝑐𝑜𝑠 𝜔𝑡 𝑠𝑖𝑛𝜙  Or   

𝑥

𝑎
=

𝑦

𝑏
𝑐𝑜𝑠 𝜙 + √(1 − 

𝑦2

𝑏2
)   sin       

Or (
𝑥

𝑎
−

𝑦

𝑏
𝑐𝑜𝑠 𝜙)

2

= (1 − 
𝑦2

𝑏2) 𝑠𝑖𝑛2    

𝑥2

𝑎2
+

𝑦2

𝑏2
 𝑐𝑜𝑠2𝜙 − 

2𝑥𝑦

𝑎𝑏
𝑐𝑜𝑠 𝜙 = (1 − 

𝑦2

𝑏2
) 𝑠𝑖𝑛2𝜙   

𝑥2

𝑎2 +
𝑦2

𝑏2  (𝑠𝑖𝑛
2𝜙 + 𝑐𝑜𝑠2𝜙) − 

2𝑥𝑦

𝑎𝑏
𝑐𝑜𝑠 𝜙 = 𝑠𝑖𝑛2𝜙   

𝑥2

𝑎2 +
𝑦2

𝑏2  −  
2𝑥𝑦

𝑎𝑏
𝑐𝑜𝑠  = 𝑠𝑖𝑛2𝜙 ----------(6) 

This is the general equation of ellipse. Depending upon the value of , we get different cases. 
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Case 1. When the phase difference  is 0 ; sin =0 and cos =1 then Eq(6) becomes 

𝑥2

𝑎2 +
𝑦2

𝑏2  −  
2𝑥𝑦

𝑎𝑏
= 0  

(
𝑥

𝑎
− 

𝑦

𝑏
)
2

= 0   Or   
𝑥

𝑎
= 

𝑦

𝑏
  So  𝑦 =  (

𝑏

𝑎
) 𝑥------------(7) 

This is the equation of a straight line. Thus the light emerging out of the crystal is plane 

polarized with vibrations in the same plane as in the incident light (Fig.36(a)) 

Case 2. When  = π/2 or 3π/2 or 5π/2 , sin =1 and cos  = 0 so  Eq (6) becomes 

𝑥2

𝑎2 +
𝑦2

𝑏2   = 1 -----------(8) 

This is the equation of a symmetrical ellipse. Thus the light emerging out of the crystal is 

elliptically polarized light (Fig.36(b)) 

Case 3. When a = b Eq (8) becomes  

𝑥2 + 𝑦2 = 𝑎2. This is the equation of a circle. Thus the light emerging out of the crystal is 

circularly polarized light (Fig.36(f)). When a = b i.e. when the both the components have the 

same magnitude A sin  = A cos   Or sin  = cos   Or  = 45o 

i.e., the incident plane polarized light makes an angle of 45o with the optic axis of the crystal. 

Thus we find that the phase difference between the ordinary and extraordinary waves emerging 

out of the calcite crystal determines the nature of polarization. 

 
Fig.36. (a), (c) and (e) plane polarized light ;(b) and (d) elliptically polarized light;(f) and (g) 

circularly polarized light. 

Short Answer questions 

1. Define Interference, what are the conditions to get the maximum and minimum intensity 

of light. 

2. What is principle of superposition of two waves 

3. What is diffraction? 

4. Explain the differences between Fresnel and Fraunhoffer diffraction? 

5. Write short notes on zone plates. 

6. Write the differences between interference and diffraction? 

7. What is Brewster’s Law? 

8. What is Temporal and spatial coherence? 

9. Write short notes on polarization? 

10. Write short notes on Double refraction. 
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Long answer questions: 

1. a) What are Newton’s rings? Describe and explain the formation of Newton’s rings in 

reflected monochromatic light. Prove that in reflected light, (a) Diameters of the dark rings 

are proportional to the square root of natural numbers, and (2) Diameters of the bright rings 

are proportional to the square root of odd natural numbers. 

2. Explain the Fresnel’s bi-prism. 

3. Explain how wavelength of monochromatic light is determined by Newton’s rings method. 

4. Describe the principle, construction and working of a Young’s double slit experiment?   

5. Derive expression for fringe width using Young’s theory of interference fringes. 

6. What is diffraction of light? Derive an expression for the intensity distribution due to 

Fraunhoffer diffraction at a single slit and show that the intensity of the first subsidiary 

maxima is about 4.5% of that of the principal maximum. 

7. Distinguish between Fresnel and Fraunhoffer diffraction. Discuss the Fraunhoffer 

diffraction at a double slit and deduce intensity distribution 

8. Discuss the Fraunhoffer diffraction due to N- slits and obtain the intensity distribution and 

positions of maxima and minima. 

9. Explain the concept of production of polarized beam of light from two SHM acting at right 

angle, Plane, Elliptical and Circularly polarized light. 
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Unit III 

Basic Idea of Electromagnetisms and Thermodynamics 

 Introduction of electromagnetism  

Electromagnetism, science of charge and of the forces and fields associated with 

charge. Electricity and magnetism are two aspects of electromagnetism. 

At a practical level, however, electric and magnetic forces behave quite differently and are 

described by different equations. Electric forces are produced by electric charges either at rest or 

in motion. Magnetic forces, on the other hand, are produced only by moving charges and act solely 

on charges in motion. 

1. Derive expression for Continuity equation for current densities? 

Electric charges in motion constitute a current. Current is symbolized by 𝐼 =
ⅆ𝑄

ⅆ𝑡
 

where I is the total current through a certain area (or device) and 
ⅆ𝑄

ⅆ𝑡
 is the rate of flow of charges 

through this area. (Area is “open” area.). Current is defined as the motion of +ve charges, although 

conduction in metals takes place through the motion of electrons. In the filed theory, we are 

interested in current density J at a point rather than in current within some large region. The Fig.1 

Illustration of how the flux J of a quantity q passes through an open surface S.  

 
Fig 1. Charges inside a volume bounded by surface S can leave or enter this volume only by 

current flow J across the bounding surface S 

The incremental current density ΔJ crossing an incremental surface area ΔS (or ΔS is 

differential vector area) is given by  ΔI = J. ΔS 

Total current flowing out of the surface is given by 𝐼 =  ∫  𝐽. Δ𝑆
𝑆

 

Let us imagine a closed surface S in a conducting medium through which current is passing. 

The principle of conservation of charge states that charges can be created nor destroyed. Therefore, 

it follows that if there is a net current flow into the volume enclosed by the surface S, there will be 

a build-up charge with in the region. Similarly, if there is a net current flow out of the region, 

charge within the region decrease. Fig 1 shows current flowing through out of the region S. 

This current must equal to the rate of decrease of total charge with in the volume  

∫  𝐽. Δ𝑆

𝑆

= −
𝜕𝑄

𝜕𝑡
 

The total charge inside a volume can be expressed in terms of charge density ρ,  𝑄 =  ∫  𝜌ⅆ𝑣
𝑣𝑜𝑙

 

So, the above equation becomes ∫  𝐽. Δ𝑆
𝑆

= − 
𝜕

𝜕𝑡
∫  𝜌ⅆ𝑣
𝑣𝑜𝑙
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Applying divergence theorem to the LHS of the above equation   ∬ 𝐽. ∆𝑠 =  ∭ ∆. 𝐽 ⅆ𝑣
𝑣𝑠

 

∭∆.𝐽 ⅆ𝑣

𝑣

= − 
𝜕

𝜕𝑡
∫  𝜌ⅆ𝑣

𝑣𝑜𝑙

  

This equation must be true for any shape of volume. Hence, the integrands can be equated. Thus 

we get  ∇. 𝐽 =  −
𝜕𝜌

𝜕𝑡
 

The above equation is the well-known continuity equation. It states that amount of current 

diverging from an infinitesimal volume element is equal to the time rate of decrease of charge 

contained in it. 

2. Write short notes on Maxwell’s equations in vacuum 

Maxwell's Equations are a set of 4 complicated equations that describe the world of 

electromagnetics. These equations describe how electric and magnetic fields propagate, interact, 

and how they are influenced by objects. 

Gauss' Law for Electricity 

The electric flux out of any closed surface is proportional to the total charge enclosed 

within the surface. i.e charge is the source of electric field 

The integral form of Gauss' Law finds application in calculating electric fields around charged 

objects. 

In applying Gauss' law to the electric field of a point charge, one can show that it is 

consistent with Coulomb's law. While the area integral of the electric field gives a measure of the 

net charge enclosed, the divergence of the electric field gives a measure of the density of sources 

as shown in Fig.2. It also has implications for the conservation of charge. 

Differential form: ∇. 𝐸 =
𝜌

𝜖0
  and  Integral form:   ∮ �⃗� . ⅆ𝐴⃗⃗⃗⃗  ⃗ =  

𝑞

𝜖0
   

 
Fig.2. Gauss Law of electricity 

Gauss' Law for Magnetism 

The net magnetic flux out of any closed surface is zero as shown in Fig.3. This amounts to 

a statement about the sources of magnetic field. For a magnetic dipole, any closed surface the 

magnetic flux directed inward toward the South Pole will equal the flux outward from the North 

Pole. The net flux will always be zero for dipole sources. If there were a magnetic monopole 

source, this would give a non-zero area integral. The divergence of a vector field is proportional 

to the point source density, so the form of Gauss' law for magnetic fields is then a statement that 
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there are no magnetic monopoles. i.e the magnetic field is solenoidal. No magnetic charge. 

Magnetic field lines don’t begin or end. 

Differential form: ∇.𝐵 = 0 and Integral form:   ∮ �⃗� . ⅆ𝐴⃗⃗⃗⃗  ⃗ =  0 

 
Fig.3.Gauss' Law for Magnetism 

Faraday's Law of Induction 

The line integral of the electric field around a closed loop is equal to the negative of the 

rate of change of the magnetic flux through the area enclosed by the loop. 

This line integral is equal to the generated voltage or emf in the loop, so Faraday's law is the basis 

for electric generators. It also forms the basis for inductors and transformers. Application to 

voltage generation in a coil. Time varying magnetic fields generates electric field 

Differential form: ∇ 𝑥 𝐸 = −
𝜕𝐵

𝜕𝑡
 and Integral form:   ∮ �⃗� .  ⅆ𝑆⃗⃗⃗⃗ =  −

ⅆ𝐵

ⅆ𝑡
 

Ampere's Law 

In the case of static electric field, the line integral of the magnetic field around a closed 

loop is proportional to the electric current flowing through the loop. This is useful for the 

calculation of magnetic field for simple geometries. Current makes magnetic field. Apply to charge 

conservation 

Differential form: ∇ 𝑥 𝐵 = 𝜇0 (𝐽 + 휀0  
𝜕𝐸

𝜕𝑡
) and Integral form:   ∮𝐵. ⅆ𝑆 =  𝜇0 (𝐽 + 휀0  

𝜕𝐸

𝜕𝑡
) 

3. What are Maxwell’s equations in non-conducting medium? 

Let us apply Maxwell’s electromagnetic equations to homogeneous, isotropic dielectric 

medium. As the dielectric is one which offers infinite resistance to the current, and hence current 

density or conductivity is zero i.e J=0. In homogeneous isotropic medium, there is no volume 

distribution of charge, thus charge density ρ is zero. Hence 

J=0, ρ = 0, D = 휀0E and B = μH 

We know that Maxwell equations are 

∇. 𝐸 =
𝜌

𝜖0
  ; ∇.𝐵 = 0   ; ∇ 𝑥 𝐸 = −

𝜕𝐵

𝜕𝑡
  ; ∇ 𝑥 𝐵 = 𝜇0 (𝐽 + 휀0  

𝜕𝐸

𝜕𝑡
)   

Hence Maxwell equations for a dielectric medium become 

∇. 𝐸 = 0  ____________ (1) 

∇. 𝐵 = 0  _____________ (2)     

∇ 𝑥 𝐸 = −
𝜕𝐵

𝜕𝑡
  __________ (3) 

∇ 𝑥 𝐵 = 𝜇0휀0  
𝜕𝐸

𝜕𝑡
  ________ (4) 
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4. Derive expression for Electromagnetic wave equation  

We can obtain the equation of propagation of a wave in dielectric medium by eliminating 

E from equations (3) and (4) 

By taking Curl of Eq(4) 

∇ x ∇ 𝑥 𝐵 = ∇ x  𝜇0휀0  
𝜕𝐸

𝜕𝑡
= 𝜇0휀0 (∇ 𝑥 

𝜕𝐸

𝜕𝑡
)  

(⸫ 𝜇0  𝑎𝑛ⅆ 휀0 Remains constant through ought the medium) 

∇ x ∇ 𝑥 𝐵 =  𝜇0휀0
𝜕

𝜕𝑡
 (∇ 𝑥 𝐸)  

     = 𝜇0휀0
𝜕

𝜕𝑡
 (−

𝜕𝐵

𝜕𝑡
)         ( ⸫ ∇ 𝑥 𝐸 = −

𝜕𝐵

𝜕𝑡
  from Eq (3) ) 

      =−𝜇0휀0  
𝜕2𝐵

𝜕𝑡2
          

Thus ∇ x ∇ 𝑥 𝐵 = −𝜇0휀0  
𝜕2𝐵

𝜕𝑡2   _________(5) 

We know that  ∇ x ∇ 𝑥 𝐵 =  ∇(∇. 𝐵) − ∇2𝐵         (⸫∇. 𝐵 = 0  from Eq (2)) 

∇ x ∇ 𝑥 𝐵 =  −∇2𝐵 _____________(6) 

Substituting the value of ∇ x ∇ 𝑥 𝐵 from eqn (6) in Eq(5), we get 

−∇2𝐵 = −𝜇0휀0  
𝜕2𝐵

𝜕𝑡2    

∇2𝐵 = 𝜇0휀0  
𝜕2𝐵

𝜕𝑡2     ________________(7) 

Similarly from Eq(3), we can show that 

∇2𝐸 = 𝜇0휀0  
𝜕2𝐸

𝜕𝑡2     _______________(8) 

Eq(7) and (8) represent the relation between the space and time vibrations of magnetic field and 

electric field form. These are called wave equations for B and E respectively.  

These equations have the same general form of the differential equation of the wave motion. The 

general wave equation is represented by 

∇2𝑦 =
1

𝜐2  
𝜕2𝑦

𝜕𝑡2     ______________(9) 

Where 𝜐the velocity of the wave and y is is the amplitude. Comparing the Eq(8) and (9) we can 

say that  the factor 𝜇0휀0 has the same significant as 
1

𝜐2 . So we can find that the variations of E and 

B are propagated in homogeneous, isotropic medium with velocity given by  

1

𝜐2
= 𝜇0휀0 𝑜𝑟 𝜐 =  

1

√𝜇0휀0

 

Where 𝜇0 𝑎𝑛ⅆ 휀0 are permeability and permittivity of free space if you substitute values of 

𝜇0 = 4𝜋 𝑥 10−7휀0 = 
1

4𝜋
 𝑥 9𝑥 109.So we 𝜐 = 3  𝑥 108𝑚/𝑠𝑒𝑐   

Thus the velocity of propagation of variation of E and H is the same as the velocity of light. 

Equations (8) and (9) indicate wave propagation in three dimensional space. These waves 

involve periodic variations of electric fields and magnetic fields. So they are called 

electromagnetic waves. In this wave Maxwell predicted the propagation of electromagnetic waves 

in three dimensions and prove that they travel with velocity of light.  

 



Physics for Computing Science I B. Tech CSBS 
 

GRIET Page 59 
 

Thermodynamics 

Introduction 

In Physics, thermodynamics deals with temperature, heat and their relation to energy, 

radiation, work, and properties of matter. The energy can be of any forms such as electrical, 

mechanical, or chemical energy. William Thomson coined the term thermodynamics in 1749. It is 

derived from two Greek words “thermes” meaning heat, and “dynamikos” meaning powerful. 

When we say the word dynamic we think of motion or movement and energy. Thus, the 

term thermodynamics means heat movement or heat flow. 

Thermodynamics is the branch of Physics which is concerned with the relationship 

between other forms of energy and heat. We can define thermodynamics as: 

The branch of Physics that deals with heat and temperature, and their relation to energy, 

work, radiation, and properties of matter. 

To be specific, it explains how thermal energy is converted to or from other forms of energy 

and how matter is affected by this process. Thermal energy is the energy that comes from heat. 

This heat is generated by the movement of tiny particles within an object. The faster these particles 

move, the more heat is generated. 

A thermodynamic process is a passage of a thermodynamic system from an initial to a final 

state of thermodynamic equilibrium. 

Thermodynamic Properties: 

 Thermodynamic properties may be extensive or intensive. 

 Intensive properties are properties that do not depend on the quantity of matter. 

o For example, pressure and temperature are intensive properties. 

 In the case of extensive properties, their value depends on the mass of the system. 

o For example, volume, energy, and enthalpy are extensive properties. 

Closed system, Open system and isolated system 

Closed system: A closed system is a system that exchanges only energy with its surroundings, 

not matter. By putting a lid on the saucepan, matter can no longer transfer because the lid 

prevents matter from entering the saucepan and leaving the saucepan. For example, when a lid 

is put on  a beaker, it becomes a closed system.  

Example: A thermos flask, piston cylinder arrangements without valves, a simple water bottle 

etc. 

Open system: An open system is a system that freely exchanges energy and matter with its 

surroundings. For instance, when you are boiling soup in an open saucepan on a stove, energy 

and matter are being transferred to the surroundings through steam. 

Example: Turbine, compressor, pump, boiler etc. 

Isolated system: An isolated system does not exchange energy or matter with its 

surroundings. For example, if soup is poured into an insulated container and closed, there is 

no exchange of heat or matter. 

Examples: Universe, A thermos with the lid screwed tight comes close, calorimeter. 

Complete description of Open, Closed and Isolated system as shown in Below Fig.4. 
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Fig.4. 

Laws of Thermodynamics? 

The laws of thermodynamics define the fundamental physical quantities like energy, 

temperature and entropy that characterize thermodynamic systems at thermal equilibrium. The 

laws represent how these quantities behave under various circumstances. 

 Laws of thermodynamics 

There are four laws of thermodynamics and are given below: 

 Zeroth law of thermodynamics 

 First law of thermodynamics 

 Second law of thermodynamics 

 Third law of thermodynamics 

5. Define Zeroth law of thermodynamics. Write down examples of Zeroth law 

thermodynamics. 

Zeroth law of thermodynamics is one of the four laws of thermodynamics. The credit for 

formulating the law goes to Ralph H. Fowler. Interestingly, the zeroth law of thermodynamics was 

actually developed much later than the original three laws. However, there were few confusions 

regarding the nomenclature whether it should be named the fourth law or some other name. The 

complication arose because the new law gave a much clearer definition of the temperature and 

basically replaced what the other three laws had to state. Fowler finally came up with the name to 

end this conflict. 

The zeroth law of thermodynamics frames an idea of temperature as an indicator of thermal 

equilibrium. 

The Zeroth Law is the basis for the measurement of temperature. It states that: 

Two bodies which are in thermal equilibrium with a third body are in thermal equilibrium with 

each other. 

Zeroth Law of Thermodynamics Examples: 

Example 1 

 Consider two cups A and B with boiling water. 

 When a thermometer is placed in cup A, it gets warmed up by the water until it reads 100°C. 

 When it read 100°C, we say that the thermometer is in equilibrium with cup A. 

 Now when we move the thermometer to cup B to read the temperature, it continues to read 

100°C. 
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 The thermometer is also in equilibrium with cup B. 

 From keeping in mind the zeroth law of thermodynamics, we can conclude that cup A and 

cup B are in equilibrium with each other. 

 The zeroth law of thermodynamics enables us to use thermometers to compare the 

temperature of any two objects that we like. 

Zeroth Law of Thermodynamics Example and Applications 

The law is important for the mathematical formulation of thermodynamics or more 

precisely for stating the mathematical definition of temperature. This law is mostly used to 

compare temperatures of different objects. 

If we want to measure the accurate temperature, a reference body is required and a certain 

characteristic of that body which changes with temperature. The change in that characteristic may 

be taken as an indication of a change of temperature. That selected characteristic is known as 

thermodynamic property. 

Nonetheless, the most common application of the zeroth law of thermodynamics can be 

seen in thermometers. We can observe the zeroth law in action by taking a very common 

thermometer having mercury in a tube. As the temperature is increased this mercury expands since 

the area of the tube is constant. Due to this expansion, the height is increased. Now, the increase 

in the height of the mercury label shows the changes in temperature and basically helps us to 

measure it. 

Similarly, another example of the zeroth law of thermodynamics is when you have two 

glasses of water. One glass will have hot water and the other will contain cold water. Now if we 

leave them in the table for a few hours they will attain thermal equilibrium with the temperature 

of the room. 

6. Write short notes on First law of Thermodynamics 

Before we get into the first law of thermodynamics we need to understand the relation 

between heat and work and the concept of internal energy. Just like mass, energy is always 

conserved i.e. it can neither be created nor destroyed but it can be transformed from one form to 

another. Internal energy is a thermodynamic property of the system that refers to the energy 

associated with the molecules of the system which includes kinetic energy and potential energy. 

Whenever a system goes through any change due to interaction of heat, work and internal 

energy, it is followed by numerous energy transfer and conversions. However, during these 

transfers, there is no net change in the total energy. 

Similarly, if we look at the first law of thermodynamics it affirms that heat is a form of energy. 

What it means is that the thermodynamic processes are governed by the principle of conservation 

of energy. The first law of thermodynamics is also sometimes referred to as the Law of 

Conservation of Energy. 

A thermodynamic system in an equilibrium state possesses a state variable known as the 

internal energy(U). Between two systems the change in the internal energy is equal to the 

difference of the heat transfer into the system and the work done by the system as shown in Fig.5 
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Fig.5. 

The first law of thermodynamics states that the energy of the universe remains the same. 

Though it may be exchanged between the system and the surroundings, it can’t be created or 

destroyed. The law basically relates to the changes in energy states due to work and heat transfer. 

It redefines the conservation of energy concept. 

Definition: The First Law of Thermodynamics states that heat is a form of energy, and 

thermodynamic processes are therefore subject to the principle of conservation of energy. This 

means that heat energy cannot be created or destroyed. It can, however, be transferred from one 

location to another and converted to and from other forms of energy. 

First Law of Thermodynamics Examples: 

 Fans convert electrical energy to mechanical energy. 

 Plants convert the radiant energy of sunlight to chemical energy through photosynthesis. 

We eat plants and convert the chemical energy into kinetic energy while we swim, walk, 

breathe and when we scroll through this page. 

 To help you understand the meaning of the First Law, we can take the common example 

of a heat engine. In a Heat engine, the thermal energy is converted into mechanical energy 

and the process also is vice versa. Heat engines are mostly categorized as an open system. 

The basic working principle of a heat engine is that it makes use of the different 

relationships between heat, pressure and volume of a working fluid which is usually a gas. 

Sometimes phase changes might also occur involving a gas to liquid and back to gas. 

7. What is importance of First Law of Thermodynamics Equation? 

The equation for the first law of thermodynamics is given as; 

ΔU = Q – W or Q= W + ΔU . Here ΔU is the change in internal energy U of the system. Q is the 

net heat transferred into the system—that is, Q is the sum of all heat transfer into and out of the 

system. W is the net work done on the system.  

So positive heat Q adds energy to the system and positive W takes energy from the system. 

This is why the first law takes the form it does, ΔU=Q - W. It simply says that you can add to the 

internal energy by heating a system, or doing work on the system.  

Suppose a thermodynamic system undergoes a change from initial state 1 and final state 2 

in which Q units of the heat is absorbed and W is the work done by the system. Expressing both 

Q and W in the same units the difference can be calculated. If we carry out the calculations for 

different paths between state 1 and state 2 the quantity (Q-W) will be same for all paths connecting 
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sates 1 and 2(See Fig.5). It follows that the internal energy change of a system is independent of 

the path. If U1 is the internal energy in the state 1 and U2 is the internal energy in the state 2 the 

then first law thermodynamics can be written as 

U2 - U1= ΔU = Q – W       U =Internal energy 

 U2 - U1= ΔU = Q – W        

When the thermodynamic process proceeds smoothly, it can be treated as a continuous 

sequence of small changes. So its differential form is  

dQ = dU + dW whew dQ and dW are small amounts of heat and work. 

Properties of Internal energy 

 For an isolated system, energy (E) always remains constant. 

 Internal Energy is a point function and property of the system. Internal energy is an 

extensive property (mass-dependent) while specific energy is an intensive property 

(independent of mass). 

 For an ideal gas, the internal energy is a function of temperature only. 

ΔU (change in internal energy) Q (heat) W (work done on gas) 

is + plus if temperature T increases is + plus if heat enters gas is + plus if gas is compressed 

is - minus if temperature T decreases is - minus if heat exits gas is - minus if gas expands 

is 0 if temperature T is constant is 0 if no heat exchanged is 0 if volume is constant 

8. Briefly discuss Applications of 1st law of thermodynamics. 

Isolated system: An isolated system does not interact with its surroundings. Therefore, there is 

no heat flow and the work done is zero. That is Q=0 and W=0 so from the first law of 

thermodynamics U1-U2 = ΔU = Q – W 

ΔU = 0 ; So U1 = U2, so internal energy of the isolated system remains constant. 

Examples:  

 The entire universe, meaning everything there is, including things we cannot see, is 

an isolated system because it has no "surroundings" 

 Coffee in a high-quality thermos or a bomb calorimeter. 

 A bomb calorimeter is also isolated system because there is no volume change within the 

system and thus can most accurately measure the energy given by a reaction. 

Adiabatic process: “A process in which no heat can enter or leave the system is called an 

adiabatic process or An adiabatic process is a thermodynamic process such that there is no heat 

transfer in or out of the system and is generally obtained by using a strong insulating material 

surrounding the entire system., so Q=0. According to the first law of thermodynamics: 

ΔU = Q - W 

Since   Q = 0    ,So   ΔU =  -W 

The work done on the system increases the internal energy. Adiabatic process is quick process 

Adiabatic process examples 

 The vertical flow of air in the atmosphere 
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 When the interstellar gas cloud expands or contracts. 

 Turbine is an example of the adiabatic process as it uses the heat a source to produce 

work. 

Isothermal process: “A process in which the temperature of the system remains constant is 

called the Isothermal process.” 

Since temperature remains constant in the isothermal process so the internal energy of the gas 

must also remain constant so:           ΔU= Q - W 

0 = Q – W       ⇒ Q = W 

Illustrating that the heat flow and work done exactly balance each other. Because no thermal 

insulation is perfect, truly adiabatic processes do not occur. Isothermal process is slow process. 

Examples: 

 Changes of state or phase changes of different liquids through the process of melting and 

evaporation are examples of the isothermal process. 

 One of the examples of the industrial application of the isothermal process is the Carnot 

engine. In this engine, some parts of the cycles are carried out isothermally. 

 A refrigerator works isothermally. A set of changes take place in the mechanism of a 

refrigerator but the temperature inside remains constant. Here, the heat energy is removed 

and transmitted to the surrounding environment. 

 Another example of an isothermal process is the heat pump. The heat is both removed from 

the house and dumped outside or the heat is brought inside the house from outside to warm 

the house. In either case, the goal is to keep the house at the desired temperature setting. 

Isochoric process: When a substance undergoes a process in which volume remains unchanged, 

the process is called isochoric. If the volume of a system remains constant, it can do no work. 

If the volume of a gas remains constant, the work done will be zero, thus W=0 

So, according to the first law of thermodynamics: 

ΔU = Q –W; Since W=0, So ⇒ Q = ΔU 

In this case, all the heat that enters the gas is stored in it as internal energy. 

Example  

 Suppose that you have an ideal gas in a closed rigid container, heating the gas will raise 

its pressure without changing its volume. However, the quantity of gas remains constant. 

 A good example of an isochoric process is the ideal Otto cycle. In this, when the 

gasoline-air mixture is burnt in a car’s engine there is an increase in the temperature and 

the pressure of the gas inside the engine. Meanwhile, the volume of the gas remains 

exactly the same. 

 Heating of a gas in a closed cylinder is an example of the isochoric process. The change in 

temperature for a given amount of heat is determined by the specific heat of the gas at a 

constant volume. 

 Isobaric process: A process taking place at constant pressure is call Isobaric. As in the case of 

Isothermal process Q, W and ΔU are in general non zero. The work done by a system that 

expands or contract isobarically has a simple form. As the pressure is constant. 
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Pressure-volume work by the closed system is defined as: 𝑾 = ∫ 𝑷𝒅𝑽 = 𝑷(𝑽𝟐 − 𝑽𝟏)
𝟐

𝟏
 

Example  

 An example of the isobaric process includes the boiling of water to steam or the freezing 

of water to ice. In the process, a gas either expands or contracts to maintain constant 

pressure and hence the net amount of work is done by the system or on the system. 

 Example of the isobaric process includes the boiling of water to steam or the freezing of 

water to ice. In the process, a gas either expands or contracts to maintain constant 

pressure and hence the net amount of work is done by the system or on the system. 

Cyclic process: “It is a series of processes after which system returns to its initial state.”It is a 

three-step process. It is a cyclic process because it starts and ends at the same point. 

U2=U1; U2-U1=0 ; ΔU=0  

Q-W=0 i.e Q=W     From the first law of thermodynamics. 

Example 

 An example of such a system is a refrigerator or air conditioner.  

 The Carnot engine is the best example of a cyclic process. 

9. Write short notes on Second Law of Thermodynamics 

There are two classical statements of the second law of thermodynamics. They are known 

as Kelvin-Plank statement and the Clausius statement. 

An analysis of heat engines led William Thomson (later Lord Kelvin) and Plank to arrive at 

the following conclusion.  

It is impossible to construct a heat engine that will operate in a cycle and which will receive 

a given amount of heat from a high temperature reservoir and does an equal amount of work. The 

only alternate is that some heat must be transferred from the working fluid to a low temperature 

reservoir. Therefore, work can be done by the transfer of heat only if there are two temperature 

levels involved. 

An analysis of heat pumps led Rudolf Calusius to conclude as follows.  

It is impossible to construct a device that operates in a cycle and produces no effect other 

than the transfer of heat from a cold body to hot body. In effect, it is impossible to construct 

refrigerator that operates without an input of work. 

The first Law of Thermodynamics is concerned with conservation of energy. As long as 

the energy is conserved in a process, the first law is satisfied. A cycle in which given amount of 

heat is transferred from the system and an equal amount of work done on the system satisfies the 

first law but it does not ensure that the cycle will actually occur. The Second Law emphasizes the 

fact that processes proceed in a certain direction but not in the opposite direction.  

For example, a hot cup of coffee cools by virtue of heat transfer to the surroundings but 

heat will not flow from the cooler surroundings to the hot cup of coffee. Thus, real processes 

proceed only on direction. It is important to take note of the fact that a cycle will occur only if both 

the first law and second Law of Thermodynamics are satisfied. 

The second law of thermodynamics states that: 
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Energy in the form of heat only flows from regions of higher temperature to that of lower 

temperature or when two systems are brought into thermal contact, heat flows spontaneously from 

the one at higher temperature to the one at lower temperature, not the other way round. 

They are many equivalent statements of the second law such as, 

 Heat cannot be completely converted into work for any cyclic process, but work can be 

spontaneously be completely converted into heat. 

 Spontaneous changes are always accompanied by a conversion of energy into a more 

disordered form 

It is impossible to reconvert the random motion completely to the energy of ordered 

motion, since we cannot control the motions of the individual molecules. We can convert only a 

portion of it. That is what a heat engine does. 

10. Explain the concept of Heat engine. 

  Heat engines are devices that use heat to do work. A basic heat engine consists of a gas 

confined by a piston in a cylinder. If the gas is heated, it expands, moving the piston. This wouldn't 

be a particularly practical engine, though, because once the gas reaches equilibrium the motion 

would stop. A practical engine goes through cycles; the piston has to move back and forth. Once 

the gas is heated, moving the piston up, it can be cooled and the piston will move back down. A 

cycle of heating and cooling will move the piston up and down. 

 

Fig.6 P vs V diagram of Heat engine 

From the Fig.6 the compression curve (i.e work done by gas) a to b and the expansion curve 

(i.e work done by gas)  c to d, so heat enters and leaves only during the constant volume processes 

b to c  and d to a. From the Fig 6 it is seen that the work in expansion will be larger than that in 

compression only if the pressure in the compression process is lower than that in expansion for all 

intermediate states. This is possible only when the temperature of the gas is lower in compression 

than in the expansion at all intermediate states. Therefore, an engine will do useful work if the 

temperature of the gas is lower compression than in expansion. 

A necessary component of a heat engine, then, is that two temperatures are involved. At one stage 

the system is heated, at another it is cooled. 

In a full cycle of a heat engine, three things happen: 

1. Heat is added. This is at a relatively high temperature, so the heat can be called QH. 

2. Some of the energy from that input heat is used to perform work (W). 

3. The rest of the heat is removed at a relatively cold temperature (QC). 
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Applying conservation of energy, QH = W + QC 

The following Fig.7 is a representation of a heat engine, showing the energy flow: 

An important measure of a heat engine is its efficiency: how much of the input energy ends up 

doing useful work? The efficiency is calculated as a fraction (although it is often stated as a 

percentage):  Efficiency η = Work done /Input heat = W/ QH 

Work done is just the input heat minus the rejected heat, so: W= QH - QC 

 

 

Fig.7. 

𝜂 =  
𝑄𝐻−𝑄𝐶

𝑄𝐻
= 1 −

𝑄𝐶

𝑄𝐻
 

Let QH be the heat taken during isothermal expansion at temperature T1 and QC be the quantity of 

heat rejected at temperature T2 to the sink.  So efficiency can be written as  

𝜂 =
𝑇1−𝑇2

𝑇1
 = 1 − 

𝑇2

𝑇1
     

Note that this is the maximum possible efficiency for an engine. In reality there will be other losses 

(to friction, for example) that will reduce the efficiency. 

11. Explain Entropy of system. 

This concept was introduced by a German physicist named Rudolf Clausius in the year 

1850.  A measure of the level of disorder of a system is entropy or entropy is defined as a measure 

of randomness or disorder of a system.  Entropy is related not only to the unavailability of energy 

to do work—it is also a measure of disorder.  

It represented by ‘S’. Although it's difficult to measure the total entropy of a system, it's generally 

fairly easy to measure changes in entropy. For a thermodynamic system involved in a heat transfer 

of size Q at a temperature T, a change in entropy can be measured by: ∆𝑆 =  
𝑄

𝑇
 

If we add the same quantity of heat at a higher temperature and lower temperature, 

randomness will be maximum at a lower temperature. Hence, it suggests that temperature is 

inversely proportional to the entropy. 

From a thermodynamics viewpoint of entropy, we do not consider the microscopic details 

of a system. Instead, entropy is used to describe the behaviour of a system in terms of 

thermodynamic properties such as temperature, pressure, entropy, and heat capacity. This 

thermodynamic description took into consideration the state of equilibrium of the systems.  
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The second law of thermodynamics can be stated in terms of entropy. If a reversible process 

occurs, there is no net change in entropy. In an irreversible process, entropy always increases, so 

the change in entropy is positive. The total entropy of the universe is continually increasing. 

Properties of Entropy 

 It is a thermodynamic function. 

 It is a state function. It depends on the state of the system and not the path that is followed. 

 It is represented by S. 

 It’s SI unit is J/Kmol. 

 It’s CGS unit is cal/Kmol. 

 Entropy is an extensive property which means that it scales with the size or extent of a 

system. 

The greater disorder will be seen in an isolated system, hence entropy also increases. When 

chemical reactions take place if reactants break into more number of products, entropy also gets 

increased. A system at higher temperatures has greater randomness than a system at a lower 

temperature. From these examples, it is clear that entropy increases with a decrease in regularity. 

Entropy order is  gas>liquid>solids 

Entropy Change and Calculations: During entropy change, a process is defined as the amount 

of heat emitted or absorbed isothermally and reversibly divided by the absolute temperature. 

Entropy formula is given as; ∆𝑆 =  
𝑄

𝑇
  

If we add the same quantity of heat at a higher temperature and lower temperature, randomness 

will be maximum at a lower temperature. Hence, it suggests that temperature is inversely 

proportional to the entropy. 

Total entropy change is equal to the sum of entropy change of system and surroundings. 

Total entropy change, ∆Stotal =∆Ssurroundings+∆Ssystem 

If the system loses an amount of heat Q at a temperature T1, which is received by surroundings at 

a temperature T2. 

So, ∆Stotal can be calculated 

∆𝑆𝑆𝑦𝑠𝑡𝑒𝑚 =
−𝑄

𝑇1
 

∆𝑆𝑆𝑢𝑟𝑟𝑜𝑢𝑛ⅆⅈ𝑛𝑔𝑠 =
𝑄

𝑇2
 

∆𝑆𝑡𝑜𝑡𝑎𝑙 =
𝑄

𝑇2
−

𝑄

𝑇1
 

 

 If ∆Stotal is positive, the process is spontaneous. 

 If ∆Stotal is negative, the process is non-spontaneous. 

 If ∆Stotal is zero, the process is at equilibrium. 

So conclusions can be drawn for entropy is  

 A spontaneous process is thermodynamically irreversible. 
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 The irreversible process will attain equilibrium after some time. 

 Total entropy change is always positive. The entropy of a system plus entropy of 

surrounding will be greater than zero  ∆Stotal =∆Ssurroundings+∆Ssystem >0 

12. Explain Change in entropy in a Reversible cycle. 

In thermodynamics, a reversible process is a process whose direction can be returned to its 

original position by inducing infinitesimal changes to some property of the system via its 

surroundings. Throughout the entire reversible process, the system is in thermodynamic 

equilibrium with its surroundings. 

Here, we have listed a few examples of Reversible Process: 

 Extension of springs 

 Slow adiabatic compression or expansion of gases 

 Electrolysis (with no resistance in the electrolyte) 

 The frictionless motion of solids 

 Slow isothermal compression or expansion of gases 

Let us consider the change in entropy of a substance when it is taken through a reversible Carnot 

cycle ABCD as shown in Fig.8. 

 
Fig.8. Carnot’s cycle 

Starting from the initial state A, the working substance undergoes an isothermal expansion AB 

absorbing amount of heat Q1 from the source at temperature T1. 

Hence increase in entropy = ∆𝑆1 =
𝑄1

𝑇1
 

During adiabatic expansion BC, no heat is taken in or given up by the working substance. Hence 

there is no change in entropy. 

During the isothermal compression CD the working substance rejects a quantity of heat Q2 at T2.  

Hence decrease in entropy = ∆𝑆2 =
−𝑄2

𝑇2
 

Finally during adiabatic compression DA, the entropy of the working substance remains constant. 

Thus net change in entropy of the working substance in the cycle ABCD is given by 

∆𝑆 =  ∆𝑆1 + ∆𝑆2 

∆𝑆 =  
𝑄1

𝑇1
−

𝑄2

𝑇2
 

But we know that  
𝑄1

𝑇1
=

𝑄2

𝑇2
  (By definition of Kelvin scale of temperature) 

∆𝑆 =  0 
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Hence total change in entropy of the working substance is a carnot’s reversible cycle is zero. 

For example, when ice melts a certain amount of heat is absorbed. The water formed can 

be converted back to ice if the same amount of heat is removed from it. This indicates that many 

reversible processes are non-spontaneous processes also. 

For the process to reversible, the thermodynamic states are different positions of the piston 

during expansion must be same as that during the compression. By analysing the two processes, 

we can say that both the processes are exactly same and hence, this reversible. A process must 

satisfy two conditions to be reversible. One is there should be no dissipative forces like friction, 

viscosity, electrical resistance. While the other one is the process must quasi-static which means 

the process must be carried out infinitely slow so that system remains in mechanical and thermal 

equilibrium with surrounding 

13. Explain Change in entropy in an Irreversible cycle 

In all irreversible process, the entropy of the system increase. Since all real processes taking 

place in the universe are irreversible, there is a continuous increase in entropy. For this reason, 

entropy is not conserved. In this respect entropy differs from energy. The examples of irreversible 

process are:  

 Conduction of heat 

 Radiation of heat 

 Diffusion of gas 

 Production of heat by friction 

 Flow of electricity in conductors 

 Biological ageing is an irreversible process. 

  Water flowing down a hill on its own accord is an irreversible process. 

A process is said to be irreversible when it cannot be draw back exactly in the opposite 

direction. An irreversible process can be defined as a process in which the system and the 

surroundings do not return to their original condition once the process is initiated. Taking an 

example of an automobile engine, that has travelled a distance with the aid of fuel equal to an 

certain amount. During the process, the fuel burns to provide energy to the engine, converting itself 

into smoke and heat energy. We cannot retrieve the energy lost by the fuel and cannot get back the 

original form.  

Consider an isolated system comprising two bodies at different 

temperatures T1 and T2 with T1 > T2. Heat transfer will take place between these bodies of the 

system; heat will flow from the body at the higher temperature T1 to the body at the lower 

temperature T2. If an amount of heat dQ flows from the first body to the second, consequently, the 

entropy of the first body will be reduced by ∆𝑆1 =
−𝑄

𝑇1
 and the entropy of the second body will 

increase by ∆𝑆2 =
𝑄

𝑇2
 

It is clear that the total change in the entropy of the entire system is  

∆𝑆 =  ∆𝑆1 + ∆𝑆2  ; ∆𝑆 =  
−𝑄

𝑇1
+ 

𝑄

𝑇2
=

𝑄

𝑇2
−

𝑄

𝑇1
  ; ∆𝑆 = 𝑄 (

1

𝑇2
−

1

𝑇1
)  
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Since T1> T2    we have ΔS>0 i.e. An irreversible process results in an increase in the entropy of 

an isolated system. For example, melting a block of ice means taking a highly structured and 

orderly system of water molecules and converting it into a disorderly liquid in which molecules 

have no fixed positions. There is a large increase in entropy in the process. 

Conclusions 

If anything can pass into, or out of, a system, we say it is an open system. If only matter 

can pass into, or out of, a system, but not energy, then we call it a closed system. If neither matter 

nor energy can pass into, or out of, a system, then we call it an isolated system. 

We have a definition of the 2nd law from our previous chapter, a standard definition from 

standard thermodynamics. 

Processes in which the entropy of an isolated system would decrease do not occur, or, in every 

process taking place in an isolated system, the entropy of the system either increases or remains 

constant. 

The definition explicitly requires the system in question to be isolated. This is a non-trivial 

observation. If the system were not isolated, then entropy could pour out over the boundary, and 

the entropy decrease instead of increase. 

Some of the characteristics of thermodynamically reversible and irreversible processes are 

compared as below 

14. What are the difference between reversible and irreversible process. 

Reversible process   Irreversible process   

1.     It is a slow process going through a series 

of smaller stages with each 

stage          maintaining   equilibrium 

between    the     system        and surroundings. 

1.     In this process the system attains final state 

from the initial state with a 

measurable   speed.   During     the 

transformation,        there is       no equilibrium 

maintained between the system and 

surroundings.   

2.     A reversible process can be made to 

proceed in forward or backward direction.     

2.     Irreversible process can take place in one 

direction only.     

3.     The driving force for the reversible process 

is small since the process proceeds in smaller 

steps. 

3.     There  is  a  definite  driving  force 

required  for  the  progress  of  the irreversible 

process. 

4.     Work done in a reversible process is 

greater than the corresponding work done in 

irreversible process. 

4.     Work done in an irreversible process is 

always lower than the same kind of work done in 

a reversible process. 

5.     A   reversible   process   can   be 

brought back to the initial state without making 

a change in the adjacent surroundings. 

5.     An  irreversible  process  cannot  be 

brought  back  to  its  initial  state 

without  making  a  change  in  the surroundings. 

Short answer questions 

1. Write down Maxwell equations in vacuum system 

2. Write down Maxwell equations in non-conducting medium 
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3. What is zeroth law of thermodynamic? 

4. What is First law of thermodynamic? 

5. What is Second law of thermodynamic? 

6. What is entropy of a system? 

Long answer questions 

1. Derive expression for continuity equation for current densities. 

2. Write down Maxwell equations in vacuum system and in non-conducting medium 

3. What is First law of thermodynamic? Discuss briefly on application of First law. 

4. What is Second law of thermodynamic? Discuss about concept of Carnot’s engine. 

5. What is entropy of a system? How entropy Change in reversible and irreversible 

processes. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 



Physics for Computing Science I B. Tech CSBS 
 

GRIET Page 73 
 

Unit IV 

Quantum mechanics, Crystallography and Semiconductor physics 

Introduction 

Classical mechanics describes the motion of macroscopic objects, from projectiles to parts 

of machinery, and astronomical objects, such as spacecraft, planets, stars and galaxies. 

The earliest development of classical mechanics is often referred to as Newtonian mechanics. It 

consists of the physical concepts employed and the mathematical methods invented by Isaac 

Newton, Gottfried Wilhelm Leibniz and others in the 17th century to describe the motion of bodies 

under the influence of a system of forces. 

Classical mechanics provides extremely accurate results when studying large objects that 

are not extremely massive and speeds not approaching the speed of light. 

I assume that when you refer to classical mechanics you mean Newtonian mechanics. 

The problem with Newtonian mechanics is that it doesn't describe correctly physical systems 

moving at high speeds (close to the speed of light) or either in a strong gravitational field. Einstein's 

Theory of Relativity correctly describes those systems. 

On the other hand, it also fails to make predictions for very small physical systems (atomic scale). 

Quantum Mechanics is the one that makes accurate predictions here. 

What is Quantum Theory? 

Quantum theory also known as quantum physics or quantum mechanics is the foundational 

basis for present-day material science. The theory basically explains the nature and behaviour of 

matter and energy on the atomic level.  

Generally, classical physics is often used to explain the occurrences at a macroscopic level. 

However, quantum theory takes things further and explains the phenomena that occur at the 

subatomic level. Quantum theory along with general relativity are broad and important fields of 

Physics which offers a new way of looking at the world.  

Black body radiation 

 A body that completely absorbs radiation of all wavelengths incident on it is referred as a 

black body. When such a body is heated, it emits radiations called as black body radiations. 

 A cavity is made out of hallow container of any material (preferably iron or copper) with 

a narrow opening and painted with black in the inside portion gives a close approximation 

to a perfect black body. When any radiation falls on this hole, it enters the cavity, gets 

reflected by the wall of the cavity and gets absorbed. If we heat the cavity at various 

temperatures, it will emit radiations of the all frequencies or wave lengths. So the emitted 

radiation from a black body is a continuous spectrum, contains radiations of all frequencies 

or wave lengths. 

 The experimental results shows that 1) the distribution of frequencies is a function of 

temperature of the black body 2) with increase of temperature, the total amount of emitted 

radiation increases. 

1. Write short notes on Planck’s Quantum Theory 
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Planck’s quantum theory explains emission and absorption of radiation. Postulates of 

Planck’s quantum theory are as follows – 

1. Matter radiate energy or absorb energy in discrete quantities discontinuously in the form of 

small packets or bundles as shown in Fig.1. 

2. The smallest bundle or packet of energy is known as quantum. In case of light, a quantum of 

light is known as a photon. 

3. The smallest amount of energy that can be emitted or absorbed in the from of electromagnetic 

radiation is known as quantum. The energy of the radiation absorbed or emitted is directly 

proportional to the frequency of the radiation. 

4. A body or matter can radiate energy or absorb energy in whole number multiples of a quantum 

as nhv. Where n is a positive integer. So, energy can be absorbed or radiated as hv, 2hv, 3hv, 

4hv……etc. not in the form of 1.5hv, 2.5hv…etc. 

 
     Fig.1. Discrete energy levels 

Planck’s law for the energy Eλ radiated per unit volume by a cavity of a blackbody in the 

wavelength interval λ to λ + Δλ (Δλ denotes an increment of wavelength) can be written in terms 

of Planck’s constant (h), the speed of light (c), the Boltzmann constant (k), and the absolute 

temperature (T): 𝐸𝜆 =
8𝜋ℎ𝑐

𝜆5  𝑥
1

exp (ℎ𝑐 𝑘𝐵𝑇𝜆)−1⁄
   

The above equation in terms frequency can be written as  𝐸𝜆 =
8𝜋ℎ𝜈3

𝑐3
 𝑥

1

exp (ℎ𝑐 𝑘𝐵𝑇)−1⁄
  

From the above equation Max plank is able explain complete blackbody spectrum at lower 

and higher temperatures, which could not explained by Wien’s and Rayleigh-Jean’s law. 

The energy of each quantum is a minimum amount of energy that cannot be further sub 

divided. The radiation of energy emitted or absorbed in a discontinuous manner and in the form of 

quantum is called the Planck’s quantum hypothesis. 

2. What are wave characteristics and particle characteristics? 

Wave characteristics 

 A wave is a disturbance or variation that transfers energy progressively from point to point 

in a medium and that may take the form of an elastic deformation or of a variation of 

pressure, electric or magnetic intensity, electric potential or temperature. 

 A wave is a disturbance that propagates through space and time usually with transference 

of energy. 
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 A wave is specified by its frequency, wavelength phase or wave velocity, amplitude and 

intensity. 

 A wave is spread out a relatively large region of space and it cannot be said to located just 

here and there. 

 The wave is specified by wavelength, phase velocity, amplitude, intensity ,frequency 

 Particle characteristics 

 A particle (matter) has mass and it is located at some definite point. It can move from one 

place to another and it gives energy when slowed down or stopped. 

 The particle is specified by its mass, velocity, momentum and energy. 

3. What is de-Broglie hypothesis? Derive Expression for de-Broglie Wavelength in 

different forms. 

  The expression of the wavelength associated with a material particle can be derived on the 

analogy of radiation as follows. 

  Considering the Planck’s theory of radiation, the energy of a photon is given by 

                    E=h       (=c/ λ)               Wave aspect) -------------- (1) 

Where c = velocity of the light in vacuum. Λ= Wavelength. 

  If the photon is considered as particle of mass m then according to Einstein’s mass – energy 

relation, the energy of the photon is given by 

  E = mc2
 (Particle aspect) ------------- (2) 

Since the energy of the photon in the two cases if the same, therefore from Eq (1) & (2) we 

get.    𝑚𝑐2 = ℎ𝜈    we know that 𝜈 =  
𝑐

𝜆
 

𝑚𝑐2 = ℎ
𝑐

𝜆
   so  𝜆 =  

ℎ

𝑚𝑐
  

The quantity mc = p, the momentum of the photon.𝜆 =  
ℎ

𝑝
  

  De-Broglie carried over this idea to material particles. Thus if a particle has a mass m and 

travels with a velocity v, its momentum is mv and the wavelength associated with this particle 

is given by 𝜆 =
ℎ

𝑚𝑣
 =  

ℎ

𝑝
  

The above relation is called de-Broglie’s relation or matter wave equation. The above 

equation can be applied to all atomic particles like proton, neutron and electron. The 

wavelength associated with the material particles can be calculated by using the above 

equation. The waves associated with the moving particles are called matter waves.  

De-Broglie’s Wavelength associated with electrons: 

  Let us consider the case of an electron of mass “m” and charge “e”, accelerated by a 

potential “V” volt from rest to velocity v. Then 

  Energy gained by electron = eV 

  Kinetic energy of electron =  mv2  

    eV =   mv2    multiplying m on both sides 

meV =   m2v2     

2meV = m2v2 = p2      (p=mv) 
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𝑝 =  √2𝑚𝑒𝑉 

We know that de-Broglie wavelength = 
ℎ

𝑝
 ; So 𝜆 =  

ℎ

√2𝑚𝑒𝑉
 

        Substituting h = 6.6256 x 10-34 J-sec; e = 1.602 x 10-19 c ; m = 9.11 x 10-31 kgs 

  𝜆 =  
ℎ

√2𝑚𝑒𝑉
 ; 𝜆 =  

606256 𝑥 10−34

√2 𝑥 9.1 𝑥 10−31 1.602𝑥10−19 𝑥 𝑉 
 ; 𝜆 =  

12.26 °A

√𝑉
 

De-Broglie’s Wavelength in terms of energy 

We know the Kinetic energy of electron E =  mv2 

Multiplying b ‘m’ on both sides we get 

Em =  m(mv2) 

m2v2 =2Em 

𝑚𝑣 = √2𝐸𝑚 

We know de Broglie wavelength = =
ℎ

𝑚𝑣
 ; So 𝜆 =

ℎ

√2𝐸𝑚
   

De-Broglie’s Wavelength in terms of Temperature: 

When a particle like neutron is in thermal equilibrium at temperature T, then they possess 

Maxwell distribution of velocities 

So their kinetic energy 𝐸 =  
1

2
 𝑚𝑣𝑟𝑚𝑠

2 _______________(1) 

vrms is the Root mean square velocity of the particle 

Also we know that, Energy  𝐸 = 
3

2
𝑘𝐵𝑇 _______________(2) 

Where kB is the Boltzmann constant 

So Eq(1) = Eq (2) 
1

2
 𝑚𝑣𝑟𝑚𝑠

2 = 
3

2
𝑘𝐵𝑇  

Multiplying b ‘m’ on both sides we get 

𝑚2𝑣2 = 3𝑚𝑘𝐵𝑇 ; 𝑚𝑣 = √3𝑚𝑘𝐵𝑇  

We know de Broglie wavelength = 𝜆 =
ℎ

𝑚𝑣
 

 de Broglie wavelength in terms of Temperature T ,  𝜆 =
ℎ

√3𝑚𝑘𝐵𝑇
 

4. What are Matter waves?           

Matter waves are a central part of the theory of quantum mechanics, being an example of 

wave–particle duality. All matter exhibits wave-like behavior. For example, a beam of electrons 

can be diffracted just like a beam of light or a water wave. In most cases, however, the wavelength 

is too small to have a practical impact on day-to-day activities. Hence in our day-to-day lives with 

objects the size of tennis balls and people, matter waves are not relevant. 

The concept that matter behaves like a wave was proposed by Louis de Broglie in 1924. It is also 

referred to as the de Broglie hypothesis. Matter waves are referred to as de Broglie waves.     

 Characteristics of matter waves: 

1. These waves are not electromagnetic waves. 

2. Matter waves are generated by the motion of particles. If the particles are at rest, then there 

is no meaning of matter waves associated with them. 
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3. Matter waves travel faster than light. 

4. Lighter the particle, greater is the wavelength associated with it. 

5. Lesser the velocity of the particle, longer the wavelength associated with it𝜆 =
ℎ

𝑚𝑣
 =  

ℎ

𝑝
  

6. Heisenberg’s uncertainty principle is based on matter waves. 

7. The wavelength of matter waves are independent of charges on the particles, but depend up 

on the velocity of particles. 

8. Matter waves are pilot waves to guide the material particles. 

9. The matter wave is not a physical phenomenon. It is rather a symbolic representation of what 

we know about the particle. It is wave of probability. 

10. No single phenomena exhibit both particle nature and wave nature simultaneously.  

5. Explain Heisenberg Uncertainty Principle 

The uncertainty principle says that both the position and momentum of a particle cannot 

be determined at the same time and accurately. The result of position and momentum is at all times 

greater than h/4π. The formula for Heisenberg Uncertainty principle is articulated as, 

,∆𝑥∆𝑝 ≥
ℎ

4𝜋
     Where h is the Planck’s constant (6.62607004 × 10-34 m2 kg / s), Δp is the 

uncertainty in momentum, Δx is the uncertainty in position 

(a) Fig 2(a) A narrow de-Broglie wave group, since the position can be precisely determined 

∆x is small. As the measure of λ is less accurate, ∆p is large. That means there is uncertainty 

in calculating its velocity and momentum increases. 

(b) Fig 2(b) A wide de-Broglie wave group, measurement of λ is accurate and hence ∆p is 

small where as since wave group is wide, ∆x is large. That means there is great uncertainty 

about the exact location of the particle. 

                 λ  =  ?       λ 

 

 

 

 

   ∆x   Small          ∆x  Large 

 

   ∆p    Large          ∆p  Small 

(a) (b)  

                                    Fig 2. 

If ∆x and ∆p are the uncertainties in the position and momentum measurements then, according 

to uncertainty principle.  ∆𝑥∆𝑝 ≥
ℎ

4𝜋
 

:. Thus the uncertainty principle is a direct consequence of the wave nature of particles. 

Significances of Uncertainty Principle:- 

(1) Explanation for absence of electrons in the nucleus. 

(2) Proof for existence of protons and neutrons inside nucleus. 

(3) Uncertainty in the frequency of light emitted by an atom. 
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(4) Energy of an electron in an atom. 

6. Define Wave function? Derive expression for Schrodinger time-dependent wave equation. 

According to De-Broglie, a wave is associated with each moving particle which is called matter 

waves. A wave can be described as a period disturbance that travels through a medium, for example 

in sound waves periodic disturbance or variable quantity is pressure and in electromagnetic waves 

the periodic disturbance or variable quantity is intensity of radiation. Similarly in matter waves the 

periodic disturbance or variable quantity is called wave function.  

Wave function, in quantum mechanics, variable quantity that mathematically describes the wave 

characteristics of a particle. 

Schrodinger wave equation  

In 1926, developing further the de-Broglie ideas of the wave properties of matter, Erwin 

Schrodinger an Austrian theoretical physicist, formulated the wave equation which is now known 

as Schrodinger wave equation 

Expression for Schrodinger time-dependent wave equation. 

Let us now explain how we can arrive at the Schrodinger time-dependent wave equation. 

Let us consider a micro-particle. We associate a wave function  with the motion of this micro 

particle. -function represents the wave field of the particle. It is similar to E or B used to describe 

the electromagnetic waves and to transverse displacement for waves on a string. For one 

dimensional case, the classical wave equation has the following forms 

𝜕2𝜉

𝜕𝑥2  =
1

𝜐2  
𝜕2𝜉

𝜕𝑡2     _________(1) 

A solution of the above equn(1) is the familiar plane wave 

𝜉(𝑥, 𝑡) = 𝐴𝑒ⅈ(𝑘𝑥−𝜔𝑡) _________(2) 

where  = k and  is the phase velocity. For a micro particle,  and k of Eq (2) may be replaced 

with E and p using Einstein and de-Broglie relations respectively. Thus 

𝜔 =
𝐸

ℏ
  and 𝑘 =

𝑝

ℏ
   

Using above relations into Eq(2) and replacing the wave function (x,t) with  (x,t)  we may write 

𝜓(𝑥, 𝑡) = 𝐴𝑒
−ⅈ(𝐸𝑡−𝑝𝑥)

ℏ
⁄

 _______(3) 

Differentiating the Eq (3) twice w.r.to t, we obtain 
𝜕𝜓

𝜕𝑥
= −

ⅈ

ℏ
𝐸𝜓_________(4) 

𝜕2𝜓

𝜕𝑥2 = −
𝑝2

ℏ2 𝜓 ________(5) 

The energy and momentum of a free particle are related by the expression  

𝐾𝐸 = 𝑇 =
𝑝2

2𝑚
 

In the case of particle moving in a force filed characterized by the potential energy V, the relation 

between energy and momentum is given by 

𝑝2

2𝑚
= 𝐸 − 𝑉 = 𝐾𝐸 = 𝑇_______(6) 

Multiplying Eq(6) throughout by  one gets 
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𝑝2

2𝑚
𝜓 = 𝐸𝜓 − 𝑉𝜓______(7) 

Substituting for E and p2 from Eq(4) and (5)  respectively in the Eq(7) , and rearranging the 

term we get 

−
ℏ2

2𝑚

𝜕2𝜓

𝜕𝑥2
+ 𝑉𝜓 =  −

ℏ

𝑖

𝜕𝜓

𝜕𝑡
 

Using 1/i = -i , we write the above equation as  

−
ℏ2

2𝑚

𝜕2𝜓

𝜕𝑥2 + 𝑉𝜓 =  𝑖ℏ
𝜕𝜓

𝜕𝑡
_________(8) 

The Eq(8) is known as time-dependent Schrödinger wave equation 

7. Derive expression for Schrodinger time independent dependent wave equation and explain 

the physical significance of the wave function. 

Schrodinger describes the wave nature of a particle in mathematical form and is known as 

Schrodinger’s wave equation. 

Consider a plane wave moving along +ve  x- direction with velocity ‘v’ as shown in Fig.3. The 

equation of the wave is written in the from 𝑦 = 𝑎𝑠𝑖𝑛
2𝜋

λ
(𝑥 − 𝑣𝑡)…(1) 

 
Fig.3: Plane wave moving along +ve x-axis 

Whereλ = wavelength of the wave, a= amplitude of wave 

                        y=displacement of wave in y- direction 

                        x= displacement along x- axis at any instant of time ‘t’. 

Taking first order derivative w.r.to ‘x’ on both sides of Eq (1) 

ⅆ𝑦

ⅆ𝑥
= 𝑎 cos

2𝜋

λ
(𝑥 − 𝑣𝑡)

2𝜋

λ
 

ⅆ2𝑦

ⅆ𝑥2 = −𝑎 (
2𝜋

λ
)
2

sin (
2𝜋

λ
) (𝑥 − 𝑣𝑡)….(2) 

Substitute (1) in (2) 

ⅆ2𝑦

ⅆ𝑥2 + (
2𝜋

λ
)
2

𝑦 = 0…(3) 

This is known as differential plane wave equation. 

In complex wave, the displacement ‘y’ is replaced by ‘ψ’ and wavelength’ λ’ is replaced by de-

Broglie’s wavelength  λ =
h

mv
 in eqn (3) 

ⅆ2ψ

ⅆ𝑥2
+ (

2𝜋

λ
)
2

ψ = 0 

ⅆ2ψ

ⅆ𝑥2 +
4𝜋2𝑚2𝑣2

ℎ2 ψ = 0…. (4) 

For a moving particle, the total energy is 𝐸 = 𝑈 + 𝑉𝑖. 𝑒𝑈 = 𝐸 − 𝑉….(5) 
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Where E= total energy, V= potential energy, U= kinetic energy =
1

2
𝑚𝑣2 

2𝑚𝑢 = 𝑚2𝑣2…. (6), substitute (5) into Eq (6) 

2𝑚(𝐸 − 𝑉) = 𝑚2𝑣2…. (7) Substitute (7) into Eq(4) 

ⅆ2ψ

ⅆ𝑥2
+

4𝜋22𝑚(𝐸 − 𝑉)

ℎ2
 ψ = 0 

ⅆ2ψ

ⅆ𝑥2
+

8𝜋2𝑚(𝐸−𝑉)

ℎ2
ψ = 0…. (8) 

This equation is known as Schrodinger’s time independent wave equation in one dimension. 

In three dimensions, it can be written as  
ⅆ2ψ

ⅆ𝑥2
+

ⅆ2ψ

ⅆ𝑦2
+

ⅆ2ψ

ⅆ𝑧2
+

8𝜋2𝑚(𝐸−𝑉)

ℎ2
ψ = 0 

Or ∇2ψ +
8𝜋2𝑚(𝐸−𝑉)

ℎ2 ψ = 0… (9)      where ∇2= 
ⅆ2

ⅆ𝑥2 +
ⅆ2

ⅆ𝑦2 +
ⅆ2

ⅆ𝑧2 

∇2ψ +
2𝑚(𝐸−𝑉)

ℏ2 ψ = 0   Where  ℏ =
ℎ

2𝜋
 

For a free particle, the P.E is equal to zero i.e. V=0 in Eq(9) 

Therefore the Schrodinger’s time independent wave equation for a free particle is  

∇2ψ +
8𝜋2𝑚𝐸

ℎ2
ψ = 0 

Physical significance of𝛙(𝐰𝐚𝐯𝐞𝐟𝐮𝐧𝐜𝐭𝐢𝐨𝐧): Born’s interpretation: 

The wave function ψ associated with a moving particle is not an observable quantity and 

does not have any direct physical meaning. It is a complex quantity. The wave function  𝛙 is 

unable to give all possible information about the particle. It is only a mathematical tool in order to 

represent the variable physical quantities in quantum mechanics.  

Born suggested that, the value of wave function associated with a moving particle at the position 

co-ordinates (x, y, z) in space, and at the time instant ‘t’ is related in finding the particle at certain 

location and certain period of time ‘t’. 

If 𝛙 represents the probability of finding the particle, then it can have two cases. 

             Case 1: certainty of its Presence: +ve probability 

             Case 2: certainty of its absence: - ve probability, but –ve probability is meaningless,    

              Hence the wave function 𝛙  is complex number and is of the form a+ib 

Even though 𝛙 has no physical meaning, the square of its absolute  magnitude |𝛙2| gives a definite 

meaning and is obtained by multiplying the complex number with its complex conjugate then 

|𝛙2|represents the probability density ‘p’ of locating the particle at a place at a given instant of 

time. And has real and positive solutions. 

𝛙(𝐱, 𝐲, 𝐳, 𝐭) = 𝐚 + 𝐢𝐛 

𝛙∗(𝐱, 𝐲, 𝐳, 𝐭) = 𝐚 − 𝐢𝐛 

𝐩 =  𝛙𝛙∗ = |𝛙2| = 𝑎2 + 𝑏2 

             Where ‘P’ is called the probability density of the wave function. 

If the particle is moving in a volume ‘V’, then the probability of finding the particle in a volume 

element dv, surrounding the point x, y, z and at instant ‘t’ is Pdv 

∫ |𝝍2|ⅆ𝑣 = 1 
∞

−∞
  if particle is present. This is called normalization condition. 
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 ∫ |𝝍2|ⅆ𝑣 = 0 
∞

−∞
 if particle does not exist. This is called orthogonal condition. 

The wave function should fulfil the following requirements (limitations) 

1. It must be finite everywhere. 

2. It must be single valued. 

3. It must be continuous and have a continuous first derivative everywhere. 

8. Explain Particle enclosed in one-dimensional infinite potential box 

 The wave nature of a moving particle leads to some remarkable consequences when the 

particle is restricted to a certain region of space instead of being able to move freely .i.e when a 

particle bounces back and forth between the walls of a box. 

 If one –dimensional motion of a particle is assumed to take place with zero potential energy 

over a fixed distance, and if the potential energy is assumed to become infinite at the extremities 

of the distance, it is described as a particle in a 1-D box, and this is the simplest example of all 

motions in a bound state. 

 
Fig.4. 

 The Schrodinger wave equation will be applied to study the motion of a particle in 1-D box 

to show how quantum numbers, discrete values of energy and zero point energy arise. 

 Consider a particle of mass ‘m’ moving freely along x- axis and is confined between x=0 

and x= a by infinitely two hard walls, so that the particle has no chance of penetrating them and 

bouncing back and forth between the walls of a 1-D box as shown in Fig.4. The particle is confined 

between the length “a” of the box and has elastic collisions with walls 

 If the particle does not lose energy when it collides with such walls, then the total energy 

remains constant. 

 This box can be represented by a potential well of width ‘a’, where V is uniform inside the 

box throughout the length ‘a’ i.e. V= 0 inside the box or convenience and with potential walls of 

infinite height at x=0 and x=a, so that the PE ‘V’ of a particle is infinitely high V=∞ on both sides 

of the box. 

 The boundary condition are 

𝑣(𝑥) = 0 , 𝜓(𝑥) = 1𝑤ℎ𝑒𝑛 0 < 𝑥 < 𝑎…. (1) 

𝑣(𝑥) = ∞ , 𝜓(𝑥) = 0𝑤ℎ𝑒𝑛 0 ≥ 𝑥 ≥ 𝑎… (2)  
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              Where 𝜓(𝑥) is the probability of finding the particle? 

We know the Schrodinger wave equation 
ⅆ2ψ

ⅆ𝑥2 +
8𝜋2𝑚(𝐸−𝑉)

ℎ2 ψ = 0 

 The Schrodinger wave equation for the particle in the potential well can be written as 

ⅆ2ψ

ⅆ𝑥2
+

8𝜋2𝑚

ℎ2
E ψ = 0, as V = 0 for a free particle… (3)  

 In the simplest form Eq(3) can be written as  

ⅆ2ψ

ⅆ𝑥2 + 𝑘2ψ = 0…. (4) Where k= propagation constant and is given by 𝑘 = √
8П2𝑚𝐸

ℎ2 ….(5) 

 The general solution of equation (4) is ψ(x) = Asinkx + Bcoskx… (6) 

 Where A and B are arbitrary constants, and the value of these constant can be obtained by 

applying the boundary conditions. 

 Substitute Eq(1) in (6) 

0 = 𝐴𝑠𝑖𝑛𝑘(0) + 𝐵𝑐𝑜𝑠𝑘(0) → B=0 in eqn (6) 

ψ(x) = Asinkx… (7) 

Substituting Eq (2) in (7) 

0 = 𝐴𝑠𝑖𝑛𝑘(𝑎) 

𝐴 = 0 𝑜𝑟 𝑠𝑖𝑛𝑘𝑎 = 0, But ‘A’ ≠ 0 as already B=0 & if A= 0, there is no solution at all. 

 Therefore sinka = 0 (if Sinθ = 0,then general solution is θ=nπ), i.e.   Ka=nπ 

𝑘 =
𝑛𝜋

𝑎
…….(8), Where  n= 1,2,3,4,…and n≠0,because if  n=0,k=0,E=0 everywhere   inside the 

box and the moving particle cannot have zero energy. 

From (8)  𝑘2 = (
𝑛𝜋

𝑎
)
2

 

From (5)  
8П2𝑚𝐸

ℎ2 =
𝑛2𝜋2

𝑎2  

𝐸 =
𝑛2ℎ2

8𝑚𝑎2  

𝐸𝑛=
𝑛2ℎ2

8𝑚𝑎2 =  the discrete energy level… (9) 

Thus for each value of En is known as Eigen Value and the corresponding value of ψn is called as 

Eigen Function. 

Energy Levels of an Electron: 

 The lowest energy of a particle is given by putting n=1 in the Eq(9),𝐸1=
ℎ2

8𝑚𝑎2 = lowest 

energy, minimum energy, ground state energy or zero point energy of the system. 

When n=2     𝐸2=
4ℎ2

8𝑚𝑎2 = 4𝐸1 

When n=3     𝐸3=
9ℎ2

8𝑚𝑎2
= 9𝐸1 

When n=4     𝐸2=
16ℎ2

8𝑚𝑎2 = 16𝐸1 

:. In general we can write the energy Eigen Function as    En  =  n2E1 
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 It is found from the energy levels E1, E2, E3 etc the energy levels of an electron are Discrete 

as shown in Fig.5. This is the great success which is achieved in Quantum mechanics that 

classical mechanics, in which the energy levels are found to be continuous. 

 

Fig.5. 

 The wave functions ψ𝑛corresponding to E𝑛 are called Eigen functions of the particle, the 

integer ’n’ corresponding to the energy E𝑛 is called the quantum number of the energy level E𝑛. 

             Substituting (8) in (7),𝜓𝑛 = 𝐴𝑠𝑖𝑛
𝑛𝜋𝑥

𝑎
..(10) 

 Normalization of wave function: The wave functions for the motion of the particle are 

𝜓𝑛 = 𝐴𝑠𝑖𝑛
𝑛𝜋𝑥

𝑎
, 𝑓𝑜𝑟 0 < 𝑥 < 𝑎 

𝜓𝑛 = 0, 𝑓𝑜𝑟 0 ≥ 𝑥 ≥ 𝑎 

 According to normalization condition, the total probability that the particle is somewhere 

in the box must be unity. 

∫ 𝑝𝑥ⅆ𝑥 = ∫ |𝜓𝑛|
2𝑎

0

𝑎

0
dx=1 

 From Eq(10), ∫ 𝐴2𝑠𝑖𝑛2𝑎

0

𝑛𝜋𝑥

𝑎
ⅆ𝑥 = 1 

𝐴2 ∫
1

2
[1 − 𝑐𝑜𝑠

2𝜋𝑛𝑥

𝑎
] ⅆ𝑥 = 1

𝑎

0

 

(
𝐴

2
)
2

[𝑥 −
𝑎

2𝜋𝑛
𝑠𝑖𝑛

2𝜋𝑛𝑥

𝑎
] = 1 

 The second term of the integrand expression becomes zero at both the limits. 

𝐴2

2
= a, then 𝐴 = √

2

𝑎
 

 The normalized wave function is 𝜓𝑛 = √
2

𝑎
 𝑠𝑖𝑛

𝑛𝜋𝑥

𝑎
 

The normalized wave function and their energy values are shown in Fig.6. 
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Fig.6. Normalized wave function 

9. Write a short note in Heisenberg Picture. 

In this picture, in contract to the Schrödinger picture, the operators are chosen time 

dependent whereas the wave functions are time-independent. This picture can be obtained from 

the Schrödinger picture through a unitary transformation. Unitary property of U to transform 

operators so they evolve in time. The wave function is stationary. This is a physically appealing 

picture, because particles move – there is a time-dependence to position and momentum. To obtain 

Operator Qs (time dependent) of Schrödinger picture and the operator QH (time dependent) of the 

Heisenberg picture, using the transformation. Since the expectation value of the operator in the 

two pictures should be identical. So we can write   Schrodinger operator 

𝑄𝑠 = 𝑈† 𝑄𝐻𝑈        (where 𝑈† = 𝑒−(ⅈ ℏ⁄ )𝐻𝑡 𝑎𝑛ⅆ  𝑈 =  𝑄𝐻𝑒(ⅈ ℏ⁄ )𝐻𝑡  
) 

Heisenberg operators are obtained by unitary transformation of the Schrodinger operators 

𝑄𝐻 =  𝑈𝑄𝑠𝑈
†   

Differentiate the above equation, defining equation for the operator in the Heisenberg picture 

w.r.to time  
ⅆ

ⅆ𝑡
𝑄𝐻 =

ⅆ

ⅆ𝑡
 (𝑈𝑄𝑠𝑈

† )  

So. Equation motion for the Heisenberg picture can be written as 
ⅆ𝑄𝐻

ⅆ𝑡
= 

ⅈ

ℏ
[𝐻, 𝑄𝐻] +

𝜕𝑄𝐻

ð𝑡
   

This equation is close resemblance to the corresponding equation of motion in classical mechanics 

of dynamical variable Q 
ⅆ𝑄𝐻

ⅆ𝑡
= [𝑄, 𝐻] +

𝜕𝑄

ð𝑡
  

The Heisenberg picture is characterized by the following features: 

 State vectors (wave functions) are independent of time during the quantum evolution of a 

system. 

 The Schrodinger equation does not hold. 

 Instead, the Heisenberg equation of motion is satisfied. 

Uses of Heisenberg picture 

1. Heisenberg picture are illustrated by several examples in quantum optics. 



Physics for Computing Science I B. Tech CSBS 
 

GRIET Page 85 
 

2.  The use of the Heisenberg picture to characterize the output of a unitary device, such as 

a beam splitter, can also give an incomplete description of the properties of a system. 

3.  Heisenberg picture used to give linear input/output relation for an optical parametric 

and it includes the effects of quantum noise. 

4. Heisenberg operators are often used to describe the output of an optical device such as 

an amplifier. 

5. Heisenberg picture is very useful, it should be used with caution since the Heisenberg 

operator produced by one transformation cannot be used to predict the results of a 

subsequent transformation. 

Crystallography 

 Introduction 

The branch of science which deals with the study of geometric form and other physical 

properties of the crystalline solids by using X-rays, electron beam, and neutron beams etc is called 

crystallography or crystal physics. 

The solids are classified into two types crystalline and amorphous. A substance is said to be 

crystalline, when the arrangement of atoms, molecules or ions inside it is regular and periodic. Ex. 

NaCl, Quartz crystal. Though two crystals of same substance may look different in external 

appearance, the angles between the corresponding faces are always the same. 

 Amorphous solids: In amorphous solids, there is no particular order in the arrangement of their 

constituent particles as shown in Fig.7 (a). Ex. Glass. 

 
Fig.7. 

Crystalline Solids or Crystals: In a crystalline solid the atoms are arranged in a periodic manner 

in all three directions. A crystalline solid can either be a single crystal or poly crystal. 

Single Crystal: In single crystal the entire solid consists of only one crystal as shown in Fig.7(b). 

Poly crystal: Poly crystal is an aggregate of many small crystals separated by well-defined 

boundaries. Polycrystalline materials are solids that are composed of many crystallites of varying 

size and orientation as shown in Fig.7(c). 

10. Write short notes on Basic terms in Crystallography. 

a) Lattice points: They are the imaginary points in space about which the atoms are located. 

b) Lattice: A lattice is an ordered array of points describing the arrangement of particles that form 

a crystal. The unit cell of a crystal is defined by the lattice points as shown in Fig.8(a). 
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Fig.8. 

c) Space lattice or Crystal lattice: The totality of all the lattice point in space is called space lattice, 

the environment about any two points is same or An array of points in space such that the 

environment about each point is the same or In a solid crystalline material, the atoms or molecules 

are arranged regularly and periodically in three dimensions. If each such unit of atoms or atom in 

a crystal is replaced by a point in space, then the resultant points in space are called space lattice.  

Let us consider the case of a two dimensional square array of points as shown in Fig.8(b). By 

repeated translation of the two sectors a and b on the plane of the paper the square array is 

generated. The magnitudes of a  and b are equal and can be taken to be unity. The angle between 

them is 90o a and b are called the fundamental vectors that generate the square array. Let us choose 

any arbitrary point “o” us origin. We choose the arbitrary point p at position “r” it can be  

r = la +mb  where l and m are integers 

For a three dimensional lattice as shown in Fig.8(c). 

r = la  + mb  + nc   

:.   Thus a three dimensional space lattice is generated by repeated translation of three non 

coplanar vectors a, b, c. 

d) Basis: In order to convert the geometric array of points in to a crystal structure we must to be 

atoms or molecules on the lattice points. The repeating unit assembly atom, molecule, ion that is 

located at each lattice point is called basis or motif. A lattice point is known as a motif or basis 

e) Crystal structure: When the basis is repeated with correct periodicity in all directions, it 

gives the actual crystal structure as shown in Fig.9. 

 

Fig.9. Crystal structure = Lattice + Basis 

f) Unit cell: The unit cell is defined as the smallest repeating unit having the full symmetry of 

the crystal structure. The geometry of the unit cell is defined as a parallelepiped, providing six 

lattice parameters taken as the lengths of the cell edges (a, b, c) and the angles between them (α, 

β, γ).The Unit cell as shown in Fig.10. 

g) Primitive Cell: The unit cell formed by the primitive a , b, c is called primitive cell. A primitive 

cell have only one lattice point If there are two or more lattice points then it is not a primitive cell. 
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Fig.10. Unit cell 

11. What are seven crystal systems? List out Bravais lattices for seven crystal systems. 

Crystal system: Crystal system is a method of classifying crystalline substances on the basis of 

their unit cell i.e Based on primitives and interfacial angles. The crystal systems are a grouping 

of crystal structures according to the axial system used to describe their lattice. Each crystal 

system consists of a set of three axes in a particular geometrical arrangement. There are seven 

unique crystal systems. 

System Unit cell geometry Examples 

1.Simple Cubic: 

Lattice parameters: a = b = c and  α = β = = 90o 

The crystal axes are perpendicular to one another, and 

the repetitive interval in the same along all the three 

axes. 

 
 

NaCl , 

CaF  and 

Po,Pb,Cu 

Ag,Au 

etc 

2.Tetragonal system: Lattice parameters: a = b ≠ c and 

α = β =  = 90o.The crystal axes are perpendicular to one 

another. The repetitive intervals along the two axes are 

the same, but the interval along the third axes is 

different.  

 

SnO2, Ni 

SO4,TiO

2 

3.Orthorhombic system: 

Lattice parameters: a ≠ b ≠ c and  α = β =  = 90o.The 

crystal axes are perpendicular to one another but the 

repetitive intervals are different 

along the three axes 

 

KNO3, 

BaSO4, 

PbCO3, 

Sulphur, 

Topaz 
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4.Monoclinic system: 

Lattice parameters: a ≠ b ≠ c and α =  = 90o,  β ≠ 

90o.Two of the crystal axes are perpendicular to each 

other, but the third is obliquely inclined. 

The repetitive intervals are different along all the three 

axes 

 

Gypsum,

K2MgS

O45H2) 

5.Triclinic system: Lattice parameters: a ≠ b ≠ c and  

α ≠ β ≠ r ≠ 90o. None of the crystal axes is 

perpendicular to any of the others, and the repetitive 

intervals are different along the three axes 

 

CuSO4.5

H20, 

K2Cr2O7 

6.Trigonal or rhombohedral system: Lattice 

parameters: a = b = c and  α = β = r ≠ 90o. The three 

axes are equal in length and are equally inclined to 

each other at an angle other than 

90o 

 

Cacilte, 

Bi, 

Sb,As 

7.Hexagonal system: Lattice parameters: a = b ≠ c 

and  α = β =90o  r = 120o. Two of the crystal axes are 

1200 apart while the third is perpendicular to both of 

them. The axial length are the same along the axis that 

are 1200  apart , but the axial length  along the 

third axis is different 
 

Tourmali

ne, 

Quartz, 

SiO2, 

AgI 

List out Bravais lattices for seven crystal system. 

A three dimensional space lattice is generated by repeated translation of three non-coplanar vectors 

a, b and c. There are only fourteen distinguishable ways of arranging point in three dimensional 

space. These 14 space lattices are known as Bravais lattices. They belong to seven crystal systems. 

A Bravais lattice is one in which all the atoms at the lattice points are identical or all the lattice 

points are equivalent 

Types of Lattices: The possible Bravais lattices are arrived at by combining one of the seven 

systems with one of the lattice centerings. The lattice centering are 

Lattice Geometry 

Primitive centering (P): In this lattice, unit cell consists of atoms at the corners of the 

unit cell 

 
Base centred (C): In this lattice, unit cell consists of atoms at the corners of the unit 

cell in addition to atom at the base centred position and opposite face.  
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Body centred (I): In this lattice, unit cell consists of atoms at the corners of the unit cell 

in addition to atom at the body centred position.  

 
Face centred (F): In this lattice, unit cell consists of atoms at the corners of the unit cell 

in addition to atom at the face centred position.  

 
List of Bravais lattices 

 

 

 

 

 

 

 

 

 

 

12. What is Miller indices? What is the Procedure to find Miller Indices? Explain with 

example. 

It is possible for defining a system of parallel and equidistant planes which can be imagined to 

pass through the atoms in a space lattice, such that they include all the atoms in the crystal. Such 

a system of planes is called crystal planes. Many different systems of planes could be identified 

for a given space lattice. The position of a crystal plane can be specified in terms of three integers 

called Miller indices. 

 Miller indices, group of three numbers that indicates the orientation of a plane or set of 

parallel planes of atoms in a crystal.  

 If each atom in the crystal is represented by a point and these points are connected by lines, 

the resulting lattice may be divided into a number of identical blocks, or unit cells; the 

intersecting edges of one of the unit cells defines a set of crystallographic axes, and the 

Miller indices are determined by the intersection of the plane with these axes. 

 Miller indices are used to specify directions and planes  

Procedure to find Miller indices 

1. Find the intercepts of the desired plane on the 3-coordinate axes. Let these be (pa,qb, rc). 

2. Express the intercepts as multiples of unit cell dimensions or lattice parameters i.e.(p, q, r) 

3. Take the reciprocals of these numbers i.e. 1/p: 1/q: 1/r 

4. Convert these reciprocals into whole numbers by multiplying each with their LCM to get 

the smallest whole number. 

This scheme, devised by British mineralogist and crystallographer William Hallowes Miller, in 

1839, has the advantage of eliminating all fractions from the notation for a plane.  

S.No Crystal Type Types of Bravais lattice 

1.  Cubic P ,I ,F 

2.  Tetragonal P,I 

3.  Orthorhombic P,C, I,F 

4.  Monoclinic P ,C 

5.  Triclinic P 

6.  Trigonal P 

7.  Hexagonal P 
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For example: Determine the intercepts of the plane along the axes X, Y and Z in terms of the 

Lattice Constant a, b, c  

Let us consider a Plane ABC which cuts 2 units along the X-axis, 2 units along Y-axis and 1 

units along Z-axis as shown in Fig.11. 

 
Fig.11. Palne ABC 

Step 1: Find the intercepts made by the plane ABC along the thress axes  and express the 

intercpts interms of multiples of axial lengths(multiple of the fundamental vectors) i.e 

OA:OB:OB= pa:qb:rc 

From the Fig11 [p=2,q=2,r=1]. The intecpets are 2a:2b:1c 

Step 2: Find the coefficets of intercepts i.e 2:2:1 

Step 3: Find the reciprocal of these numbers 1/p: 1/q: 1/r i.e. 1/2 : /1/2 : 1/1 

Step 4: Convert these reciprocal into whole numbers by multiplying each and every reciprocal 

with their least common multiplier (LCM) 

Since 2 is the LCM in this case we get 2 x 1/2: 2 x 1/2:2 x 1/1;  we have 1 1 2 

Enclose these numbers in a bracket like this ( ) i.e. (112). This represents the indices of the given 

plane and is called Miller indices of the plane 

Miller indices is generally denoted by (hkl). Thus we can write  

h:k:l =a/p : b/q  :c/r for any system and h:k:l = a/p : a/q  :a/r for cubic system 

13. What are important features of Miller indices? 

1. When a plane is parallel to any axis, the intercept of the plane on that axis is infinity. 

Hence its Miller index for that axis is zero. 

2. When the intercept of a plane on any axis is negative, a bar is put on the corresponding 

Miller index (ℎ ̅�̅�𝑙)̅ i.e. (2 ̅1̅1̅), (001̅) etc. 

3. .All equally spaced parallel planes have the same index number (h k l) 

Ex : The planes ( 1 1 2) and (2 2 4) are parallel to each other. 

4. The indices (hkl) do not define a particular plane but a set of parallel planes. Thus the 

planes whose intercepts are 1, 1, 1; 2, 2; -3,-3,-3 etc. are all represented by the same set of 

Miller Indices. 

5. The Miller Indices should be enclosed only in this bracket. 

6. There should not be any commas in between the numbers. 

7. If the Miller Indices is say (2 6 3) means it should be read as two six three, and not as two 

hundred and sixty three. 
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8. The direction of plane can be represented by enclosing the Miller Indices in a square 

bracket. For example [2 6 3] 

Examples: Find the miller indices of the given plane  

 
There is no intercept on  y and z axes but we shall consider the intercept to be at infinity ( ∞ ) for 

the special case where the plane is parallel to an axis 

So The intetcepets are  a , ∞ , ∞ 

Find the coefficients of intercepts i.e 1 : ∞: ∞ 

Find the reciprocal of these numbers 1/p: 1/q: 1/r i.e. 1/1 : 1/∞ : 1/∞ i.e 1/1:0:0 

LCM is 1;  We get 1 x 1/1: 1 x 0/1: 1 x 0/1; So we have 1 0 0  

Miller indices of the plane is (100) 

Other examples  

1. So The intercepets are  a , a , ∞ 

Find the coefficients of intercepts i.e 1 : 1: ∞ 

Find the reciprocal of these numbers 1/p: 1/q: 1/r i.e. 1/1 : 1/1 : 1/∞  

i.e 1/1:1/1:0 

LCM is 1; We get 1 x 1/1:  1x1/1: 1x 0/1; So we have 1 1 0  

Miller indices of the plane is (110) 

14. Derive expression for Inter atomic spacing between Lattice Planes.  

‘d’ spacing or interplanar distance is the distance between any two 

successive planes. Consider a cubic crystal with cube edge a. let (h,k,l) be the Miller Indices of 

the plane ABC as shown in Fig.12 (a). 

Fig.12. Separation between Lattice Planes in a cubic Crystal 

Let ON=d1 be a normal to the plane passing through the origin O. On makes angles  α ,β ,γ  with 

x,y and z-axis respectively.  
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The intercepts of the ABC plane is  OA=a/h, OB=a/k, OC=a/l 

cos α =  
𝑂𝑁

𝑂𝐴
=

ⅆ1
𝑎

ℎ⁄
=

ⅆ1ℎ

𝑎
  

cos β =  
𝑂𝑁

𝑂𝐵
=

ⅆ1
𝑎

𝑘⁄
=

ⅆ1𝑘

𝑎
  

cos γ =  
𝑂𝑁

𝑂𝐶
=

ⅆ1
𝑎

𝑙⁄
=

ⅆ1𝑙

𝑎
  

From the law of cosine directions are  𝑐𝑜𝑠2 𝛼 + 𝑐𝑜𝑠2 𝛽 + 𝑐𝑜𝑠2 𝛾 = 1  

(
ⅆ1ℎ

𝑎
)
2

+ (
ⅆ1𝑘

𝑎
)
2

+ (
ⅆ1𝑙

𝑎
)
2

= 1  

ⅆ1
2

𝑎2
(ℎ2 + 𝑘2 + 𝑙2) = 1  

Therefore,  ⅆ1
2 =

𝑎2

ℎ2+𝑘2+𝑙2
 

ⅆ1 =
𝑎

√ℎ2+𝑘2+𝑙2
  

Let the next plane to A’B’C’ be at a distance OM from the origin at a distance d2  as shown in 

Fig.12(b). Then its intercepts are 

OA’= 2a/h, OB’=2a/k, OC’ = 2a/l 

cos α′ =  
𝑂𝑀

𝑂𝐴′
=

ⅆ2
2𝑎

ℎ⁄
=

ⅆ2ℎ

2𝑎
  

cos β′ =  
𝑂𝑀

𝑂𝐵′
=

ⅆ2
2𝑎

𝑘⁄
=

ⅆ2𝑘

2𝑎
  

cos γ′ =  
𝑂

𝑂𝐶′
=

ⅆ2
2𝑎

𝑙⁄
=

ⅆ2𝑙

2𝑎
  

From the law of cosine directions are  𝑐𝑜𝑠2 𝛼′ + 𝑐𝑜𝑠2 𝛽′ + 𝑐𝑜𝑠2 𝛾′ = 1 

(
ⅆ2ℎ

2𝑎
)
2

+ (
ⅆ2𝑘

2𝑎
)
2

+ (
ⅆ2𝑙

2𝑎
)
2

= 1  

ⅆ2
2

4𝑎2
(ℎ2 + 𝑘2 + 𝑙2) = 1  

Therefore,  ⅆ2
2 =

4𝑎2

ℎ2+𝑘2+𝑙2
 

ⅆ2 =
2𝑎

√ℎ2+𝑘2+𝑙2
  

Interplanar distance d: We know interplanar distance is the distance between two successive 

planes. Since ‘d’ is the distance between the two planes ABC and A’B’C’, we can write the 

interplanar distance ‘d’ as d=d2-d1 

Interplanar distance is  ⅆ =
𝑎

√ℎ2+𝑘2+𝑙2
−

2𝑎

√ℎ2+𝑘2+𝑙2
 ; ⅆ =

𝑎

√ℎ2+𝑘2+𝑙2
  

The above equation represents the interplanar distance, which is same as that of the distance 

between the origin and the first plane. So,    ⅆℎ𝑘𝑙 =
𝑎

√ℎ2+𝑘2+𝑙2
 

For other crystal systems such as triclinic, orthorhombic, etc. the relation between the interplanar 

distance (d) and the axial lengths (a,b,c) is given by ⅆℎ𝑘𝑙 =
1

√ℎ2

𝑎2+
𝑘2

𝑏2+
𝑙2

𝑐2

  

15. What are Properties of the Unit cell (Cubic)  

1. Volume of a unit cell: The general expression for finding the volume a unit cell is  
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𝑉 = 𝑎𝑏𝑐[√1 − 𝑐𝑜𝑠2 𝛼 − 𝑐𝑜𝑠2 𝛽 − 𝑐𝑜𝑠2 𝛾 + 2 cosα cosβ cosγ]  

Where a, b, c,,  and   are called lattice parameters.  

For cubic system a=b=c and ===900. Therefore V= a3. 

2. Nearest neighbouring distance (2r): The distance between the centres of two nearest 

neighbouring atoms is called nearest neighbouring distance. If r is the radius of the atom, nearest 

neighbouring distance= 2r. 

3. Atomic radius ( r) : It is defined as of the distance between the nearest neighbouring atoms in 

a crystals.i.e a =2r 

4. Co-ordination number (N): It is the number of equidistant nearest neighbours directly 

surrounding a given atom well within a crystal. More closely packed structure as greater 

coordination number. 

The co-ordination number for an atom in simple cubic structure is = 6  

The co-ordination number for an atom in body centred cubic structure is =8  

The co-ordination number for an atom in face cantered cubic structure is =12 

5. Number of atoms per unit cell:  In a unit cell atoms are at the corners, at the centre of the faces 

and at the centre of the body.  

An atom situated at the corner share 1/8th part to a unit cell.  

An atom situated at the face share 1/2 part to a unit cell.  

An atom situated at the centre of the body share one full part to a unit cell.  

1. In a SC structure there are 8 corner atoms.  

⸫ Total share of all the corner atoms/unit cell = (1/8)×8 =1  

⸫ The number of atoms/unit cell in simple cube = 1  

2. In a BCC structure there are 8 corner atoms and an atom at the centre of the unit cell.  

⸫Total share of all the corner atoms per unit cell = (1/8)×8 = 1  

   The share of an atom at the centre of the body =1  

⸫ The number of atoms per unit cell in body centred cube = 1+1=2  

3. In a FCC structure there are 8 corner atoms and 6 face centred atoms in a unit cell.  

⸫Total share of atoms at the corner/unit cell= (1/8) ×8=1  

 Total share of atoms at all the faces/unit cell = (1/2) ×6=3  

⸫The number of atoms/unit cell in face centred cube = 1+3 = 4 

6. Atomic packing factor or Packing fraction 

The fraction of the space occupied by atoms in a unit cell is known as atomic packing 

factor. It is the ratio of the total volume occupied by the atoms in the unit cell(v) to the total 

available volume of the unit cell(V). 

𝑃𝑎𝑐𝑘𝑖𝑛𝑔 𝑓𝑟𝑎𝑐𝑡𝑖𝑜𝑛 =
𝑉𝑜𝑙𝑢𝑚𝑒 𝑜𝑐𝑐𝑢𝑝ⅈ𝑒ⅆ 𝑏𝑦 𝑎𝑙𝑙 𝑎𝑡𝑜𝑚𝑠(𝑣)

𝑉𝑜𝑙𝑢𝑚𝑒 𝑜𝑓𝑡ℎ𝑒 𝑢𝑛ⅈ𝑡 𝑐𝑒𝑙𝑙(𝑉)
  

7. Derive expression for density of unit cell. 

Density of a unit cell is given as the ratio of mass and volume (V) of unit cell  

𝜌 =
mass of unit cell 

Volume of unit cell
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Now to calculate the mass of one unit cell we add up the mass of all the atoms contained in that 

particular cell. The number of atoms will depend on the kind of cell it is. So to obtain the mass of 

a unit cell we multiply the number of atoms ‘n’ into the mass of each atom ‘m’. 

Mass of unit cell = number of atoms in unit cell × mass of each atom = n × m 

Mass of an atom  can be represented in terms of its Avogadro Number (NA).i.e. number of units 

in one mole of any substance and the molar mass of an atom (M). So the mass of an atom (m) 

can be calculated as  
𝑀

𝑁𝐴
 

So now the formula for Mass of Unit Cell = 𝑛 𝑥 
𝑀

𝑁𝐴
 

For cubic crystal the Volume of unit cell, V = a3 

=> Density of unit cell, 𝜌 =
mass of unit cell 

Volume of unit cell
 

=> Density of unit cell   𝜌 =
𝑚

𝑉
=

𝑛 𝑥 
𝑀

𝑁𝐴

𝑎3 = 
𝑛 𝑥 𝑀

𝑎3𝑥𝑁𝐴
  

Thus, with the knowledge of number of atoms in a unit cell (n), edge length (a) and molar mass 

(M) we can determine the density of a unit cell. 

Primitive unit cell: In a primitive unit cell, number of atoms in a unit cell, n is equal to one. 

Hence, density is given as: 

Density of unit cell, 𝜌 =  
1 𝑥 𝑀

𝑎3𝑥𝑁𝐴
  

Body-centred cubic unit cell: In body-centred cubic unit cell, number of atoms in a unit cell, n 

is equal to two. Hence, density is given as: 

Density of unit cell, 𝜌 =  
2 𝑥 𝑀

𝑎3𝑥𝑁𝐴
 

Face-centred cubic unit cell: In face-centred cubic unit cell, number of atoms in a unit cell, n is 

equal to four. Hence, density of unit cell is given as: 

Density of unit cell, 𝜌 =  
4 𝑥 𝑀

𝑎3𝑥𝑁𝐴
 

16. Explain Simple cubic structure (SC), Body Centered Cubic (BCC) and Face Centerd 

Cubic(FCC) 

Simple Cube (BCC) Structure:  The simplest and easiest structure to describe is the simple cubic 

crystal as shown in Fig 13(a). Let us consider a single layer of atoms arranged as shown in 

Fig13(b). The atoms are in touch with each other. 

 

 

 

 

 

Fig.13. Simple cubic unit cell 
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There is only one lattice point at each of the eight corners of the unit cell. In a simple cubic 

structure an atom is surrounded by six equidistant neighbours. Hence the co-ordination number is 

6. Since each atom in the corner is shared by 8 unit cells, the total number of atoms in one unit 

cell is (1/8) ×8 = 1  

The nearest neighbour distance ‘2r’ is the distance between the centres of two nearest 

neighbouring atoms as shown in Fig 13(b). 

The nearest neighbour distance 2r = a  

The number of lattice points per unit cell = 1  

Volume of all the atoms in a unit cell 𝑣 =  
4

3
𝜋𝑟3 

Volume of unit cell, V= a3 =(2r)3 

Packing fraction 𝑃. 𝐹 =
𝑣

𝑉
=

1 𝑥 4 3⁄ 𝜋𝑟3

𝑎3
=

4𝜋𝑟3

3 𝑥 8𝑟3
=

𝜋

6
= 0.52 𝑜𝑟 52% 

i.e 54% of space available in a SC unit cell is occupied by atoms, remaining 46% unoccupied 

space.Example : Polonium(Po) (at certain temperature)  

 Body Centred Cube (BCC) Structure: The unit cell of BCC structure is shown below Fig.14(a). 

In a BCC structure eight atoms are present at eight corners and one atom is at the centre. The co-

ordination number is 8. The number of atoms per unit cell is = [(1/8)×8]+1 = 2 

 
Fig,14. BCC unit cell 

From the Fig.14(b) ΔABC 

The lattice constant is 𝐴𝐶2 = 𝐴𝐵2 + 𝐵𝐶2 

           𝐴𝐶2 = 𝑎2 + 𝑎2    

                                                𝐴𝐶2 = 2𝑎2 

From the Fig.14(b)  Δ ACD 

𝐴𝐷2 = 𝐴𝐶2 + 𝐷𝐶2  

𝐴𝐷2 = 2𝑎2 + 𝑎2  

𝐴𝐷2 = 3𝑎2  

From the Fig 14(b) AD = r+2r+r =4r 

4𝑟2 = 3𝑎2 

So Lattice constant  𝑎 =
4𝑟

√3
 

Volume of all the atoms per unit cell 𝑣 = 2𝑥 
4

3
𝜋𝑟3 
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Volume of unit cell, 𝑉 = 𝑎3 = (
4𝑟

√3
)
3

=
64𝑟3

3√3
 

Packing fraction, 𝑃. 𝐹 =  
𝑣

𝑉
=

8𝜋𝑟3𝑥3√3

3𝑥64𝑟3 =
√3𝜋

8
= 0.68 𝑜𝑟 68% 

i.e 68% of space available in a BCC unit cell is occupied by atoms, remaining 32% unoccupied 

space. Example: Chromium, Tungsten, Iron. etc. 

Face Centred Cubic (FCC) structure: The Unit cell of FCC as shown in Fig.15(a). In FCC the 

atoms are arranged at the eight corners and the centres of all the cubic faces. Centre of each face 

has one atom. This centre atom touches four corner atoms in its plane, four body centred atoms in 

each of the two planes on either side of its plane. Thus the coordination number is 12. 

 

 

 

 

 

 

 

 

 

Fig.15. Unit Cell FCC 

The number of atoms per unit cell is =1/8 x 8 + ½ x 6=1+3=4 

From the Fig.15(b)  Δ ACB 

𝐴𝐵2 = 𝐴𝐶2 + 𝐵𝐶2  

𝐴𝐵2 = 𝑎2 + 𝑎2  

𝐴𝐷2 = 2𝑎2  

From the Fig.15(b) AB = r+2r+r =4r 

16𝑟2 = 2𝑎2 

So Lattice constant  𝑎 =
4𝑟

√2
 or 𝑎 = √8𝑟 

Volume of all the atoms per unit cell 𝑣 = 4𝑥 
4

3
𝜋𝑟3 

Volume of unit cell, 𝑉 = 𝑎3 = (
4𝑟

√2
)
3

=
64𝑟3

2√2
 

Packing fraction, 𝑃. 𝐹 =  
𝑣

𝑉
=

16𝜋𝑟3𝑥2√2

3𝑥64𝑟3
=

√2𝜋

6
= 0.74 𝑜𝑟 74% 

i.e 74% of space available in a FCC unit cell is occupied by atoms, remaining 26% unoccupied 

space. Example: Cupper, Aluminum, gold, silver etc. 

17. Explain Hexagonal Closed Packed (HCP) Structure 

 In a hexagonal close-packed (hcp) arrangement of atoms, the unit cell consists of three 

layers of atoms. The top and bottom layers contain six atoms at the corners of a hexagon and one 

atom at the centre of each hexagon. The middle layer contains three atoms nestled between the 

atoms of the top and bottom layers, hence, the name close-packed. The hexagonal close packed 

structure can be made by piling layers in the ABABAB... sequence as shown in Fig.16. 
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Atomic radius: To find the atomic radius of the hcp structure, consider any two-corner atoms. It 

has to be noted that, each and every corner atom touches with each other, therefore they are 

nearest neighbour. Then a=2r , atomic radius r= a/2 

 

 
Fig.16. 

Effective number of atoms per unit cell: To calculate the number of atoms per unit cell, first 

consider the bottom layer. The bottom layer consists of six corner atoms and one face centred 

atom. Each and every corner atom contributes 1/6 of its part to one unit cell as shown in 

Fig.17(a). The total number atoms contributed by the corner atoms is 1/6 x 6 = 1. The face-

centred atom contributes ½ of its part to one unit cell. Therefore, total number of atoms present 

in the case of the bottom layer is 1 + ½ =3/2 

Similarly, the number of atoms present in the upper layer is 1 + ½ = 3/2 

The number of the atoms present in the middle layer = 1 x 3 = 3 

The total number of atoms present in the unit cell = 3/2 + 3/2 + 3 = 6 atoms. 

Coordination number: Let us consider the central atom at the top layer of HCP structure it 

touches 6 atoms in its plane, 3 atoms in the plane just below it and 3 atoms in the plane just above 

it at a distance of c/2 as shown in Fig.17(b). Therefore, the total number of neighbouring atoms is 

6+3+3=12.Thus the coordination number is 12. 

 
Fig 17(a) For Effective number of atoms (b) For Coordination number 

Calculation of c/a ratio 

Fig 18(a) shows the section of HCP crystal with its middle level atoms and the atoms in 

the bottom layer. Bottom layer is divided into 6 equilateral triangles. It has been seven atoms at 

the corner of the triangles. Atoms in the middle layer are at a height of c/2 from the atoms in the 

bottom plane. 

From the Fig.18(b) ΔABD 
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BD2 = AD2 + AB2 

BD2 = (a/2)2 + a2 = 3a2/4 

𝐵𝐷 =
𝑎√3

2
________(1) 

 
Fig.18 (a) HCP crystal (b) HCP bottom view 

From the Fig 18(b) ΔAMN  

  AM2 = AN2 + MN2   

So 𝑐𝑜𝑠300 =
𝑎

2⁄

𝐴𝑁
  

√3

2
=

𝑎
2⁄

𝐴𝑁
  

So, 𝐴𝑁 =
𝑎

√3
 

𝑎2 = (
𝑎

√3
)
2

+ (
𝑐

2
)
2

  

𝑎2 =
𝑎2

3
+

𝑐2

4
 

𝑐2 =
8𝑎2

3
 

𝑐 = √
8

3
𝑎 = 1.633𝑎  

Packing fraction  

𝑃𝑎𝑐𝑘𝑖𝑛𝑔 𝑓𝑟𝑎𝑐𝑡𝑖𝑜𝑛 =
𝑉𝑜𝑙𝑢𝑚𝑒 𝑜𝑐𝑐𝑢𝑝ⅈ𝑒ⅆ 𝑏𝑦 𝑎𝑙𝑙 𝑎𝑡𝑜𝑚𝑠(𝑣)

𝑉𝑜𝑙𝑢𝑚𝑒 𝑜𝑓𝑡ℎ𝑒 𝑢𝑛ⅈ𝑡 𝑐𝑒𝑙𝑙(𝑉)
  

No of atoms in the unit cell =6 

Volume occupied by all atoms in unit cell = 6𝑥
4

3
𝜋𝑟3 

        = 6𝑥
4

3
𝜋 (

𝑎

2
)
3

    (⸫ r= a/2) 

       =πa3 

Volume of the unit cell = Area of the hexagon x height 

   = 6 x area of ΔABC x height 

   = 6 x (1/2 x AB X BD) x c 



Physics for Computing Science I B. Tech CSBS 
 

GRIET Page 99 
 

   = 6 x (1/2 x a x
𝑎√3

2
) x c       (⸫ BD from Eq (1)) 

   =6𝑥
√3

4
𝑎2𝑐 

Therefore Packing fraction = 
πa3

6𝑥
√3

4
𝑎2𝑐

= 
πa3

6𝑥
√3

4
𝑎2𝑥1.633𝑎

=
2𝜋

3√3
√

3

8
=

𝜋

3√2
= 0.74 𝑜𝑟 74% 

i.e 74% of space available in a HCP unit cell is occupied by atoms, remaining 26% unoccupied 

space. Example. Titanium, cobalt, Zinc, Beryllium and Magnesium. etc. 

Comparison of SC, BCC, FCC and HCP 

We know that SC has packing fraction 54%, BCC has 68%, FCC has 74% and HCP has 74%. The 

tightly or closely packed structure depends on coordination number in particular unit cell, it does 

not depend on number of atoms in the unit cell. For example if you take Diamond structure the 

number of atoms in the unit cell is 8 and coordination number 4, the packing fraction is very low 

34% even though it is FCC structure. So, diamond is loosely packed structure Take On comparing 

it is proved the FCC and HCP structure is tightly packed than the SC and BCC structures 

Parameter SC BCC FCC HCP Diamond 

Co-ordination number 6 8 12 12 4 

Atomic Radius (r) 
𝑎

2
 

√3𝑎

4
 

√2𝑎

4
 

𝑎

2
 

√3𝑎

8
 

Atoms per unit cell 1 2 4 6 8 

Atomic packing factor 
𝜋

2
 

√3𝜋

8
 

√2𝜋

6
 

𝜋

3√2
 √3𝜋

16
 

Packing fraction 52% 68% 74% 74% 34% 

Examples Po Cr, Fe, Na Pb, Ni, Ag Ti, Zn, Mg Ge, Si, C 

 

Basic concept of Band theory-Semiconductor physics 

Band theory of solids 

Band Theory was developed with some help from the knowledge gained during the 

quantum revolution in science. In 1928, Felix Bloch had the idea to take the quantum theory and 

apply it to solids. In 1927, Walter Heitler and Fritz London discovered bands- very closely spaced 

orbitals with not much difference in energy. 

This theory explains the quantum state that an electron takes inside metal solid. Every 

molecule comprises various discrete energy levels. The way electrons behave inside a molecule is 

well explained through this theory. This theory helps to visualize the difference between 

conductor, semiconductor, and an insulator by plotting available energies for an electron in a 

material. 

18. State and Explain Bloch Theorem. 

Bloch's theorem tells you how an electronic wave function would look like when subjected 

to a periodic potential. 

Then solving the Schrödinger equation for such a periodic potential becomes the task which 

is quite difficult. Here, Bloch's theorem comes to the rescue. It tells us that the wave function is 
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the free particle wave function modulated by a function of the same periodicity as that of the 

potential. Such functions are the so called Bloch functions. 

This way the Bloch's theorem tells us the general form of the wave function for such a 

Bloch Wave. All one has to do is to substitute it into the Schrödinger equation with suitable 

boundary conditions and find the form of the Bloch function. 

Bloch wave function 

The one dimensional Schrödinger equation corresponding to this can be written as 

 

 

Let us consider on dimensional view of array of ion cores along x-axis. Since the lattice is the 

periodic structure of the ion arrangement in a crystal, the type of variation of V is periodic as 

shown in Fig 19. If a is the interatomic distance , then as one moves in x-direction , the value of V 

will be same at all points which are separated by a distance equal to  

      

Where x is the distance of the electron rom any ion core. Such a potential is said to be a periodic 

potential. 

 
Fig 19.Variation of Periodic potential between lattice ions 

 Bloch has shown that the solution of the one dimensional Schrödinger equation is of the form  

    

 

So the Bloch theorem states that for a particle moving in periodic potential, the Eigen functions 

for the conduction electron are of the form as given in Eq (3) 

Where Uk(x) = Uk(x+a) 

The function Uk(x) has the same periodicity as the potential energy of the electron, and is 

called modulating function. The Eigen function functions are of the plane exp(ikx) modulated by 

the periodic function Uk(x) as shown in Fig.20. From the Fig.20 Solid line: A schematic of a typical 

Bloch wave in one dimension. (The actual wave is complex; this is the real part.) The dotted line 

is from the factor exp(ikx). The light circles represent atoms. 

In three dimensional form it is given by 

    

 The above two equations (3) and (4) are Bloch Functions in one and three dimensions respectively. 

 Uk (x) or Uk (r) is periodic with the periodicity of the crystal lattice. 

 The free electron wave is modulated by the periodic functions Uk (x) or Uk (r) 

 
2 2

2 2

8
( ) 0 (1)

d m
E v x

dx h





      

( ) ( ) (2)V x V x a      

( ) exp( ) ( ) (3)k kx ikx U x  

( ) exp( ) ( ) (4)k kr ikr U r  
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Fig.20. Bloch wave in one dimension 

19. Write short notes on Kronig – Penny Model.  

 Kronig and Penny treated a simplest example for one dimensional periodic potential. In 

this model it is assumed that the potential energy of an electron has the form of a periodic array of 

square wells as shown in below Fig.21. 

Region 1:In this region, between the limits the electron is assumed to be a free particle where 

potential V = 0. So, this region is called potential well 

 

Fig.21. Periodic potential in Kronig-Penny model 

The one dimensional Schrödinger wave equation for a free particle is 

ⅆ2ψ

ⅆ𝑥2 +
8𝜋2𝑚(𝐸−0)

ℎ2 ψ = 0 [ ⸪ V =0] 

ⅆ2ψ

ⅆ𝑥2
+ 𝛼2ψ = 0________(1) 

where 𝛼2 =
8𝜋2𝑚𝐸

ℎ2
 

Region 2: In this region between the limits –b<x<0, the potential energy of the electron is Vo. 

This region is called Potential barrier 

∴ The one dimensional Schrödinger wave equation is  

ⅆ2ψ

ⅆ𝑥2 +
8𝜋2𝑚(𝐸−𝑉0)

ℎ2 ψ = 0 [ ⸪ V =0] 

ⅆ2ψ

ⅆ𝑥2
+ 𝛽2ψ = 0________(2) 

where 𝛽2 =
8𝜋2𝑚(𝑉0−𝐸)

ℎ2
    𝑠𝑖𝑛𝑐𝑒(𝐸 < 𝑉0) 

For both the region, the appropriate solution suggested by Bloch is of the form 

 𝜓(𝑥) = 𝑒ⅈ𝑘𝑥𝑈𝑘(𝑥)______(3) 
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Differentiating equation (3) and substituting (1) and (2) and then further solving it under the 

boundary conditions, we get 

𝑃
𝑠ⅈ𝑛𝛼𝑎

𝛼𝑎
+ 𝑐𝑜𝑠𝛼𝑎 = 𝑐𝑜𝑠𝑘𝑎________(4) 

Where  𝑃 =
𝑚𝑉0𝑏𝑎

ℏ2   is called as scattering power of the potential barrier, which is the measure o the 

strength with which the electrons are attracted by the positive ions. 

In Eq (4) there are only two variables (i.e.) α and k. We know coska can take values only from -1 

to +1.  Therefore the left hand side of Eq(4) must also fall in this range. A plot is made between 

the LHS of q(4) and ∝a for a value of p= 3π/2 (arbitrary) as shown in below Fig.22. 

 

Fig 22. 𝑃
𝑠ⅈ𝑛𝛼𝑎

𝛼𝑎
+ 𝑐𝑜𝑠𝛼𝑎  vs  a 

The left side of the above Eq(4)  imposes a limitation on the values that the right side function 

can have namely a maximum value of +1 and a minimum value -1. Hence only certain range of 

values of “∝” are allowed. This means that energy E is restricted to lie within certain ranges which 

ranges which form the allowed energy bands or zones. This concept is best understand by 

considering the plot of 𝑃
𝑠ⅈ𝑛𝛼𝑎

𝛼𝑎
+ 𝑐𝑜𝑠𝛼𝑎  vs  a as shown in the  Fig 22.The permitted values of 

energy are shown as shaded portions. This gives rise to the concept of ranges of ranges of permitted 

values of ∝ for a given ion lattice spacing a. 

Conclusions: The following conclusions are made from the graph i.e Fig.22. 

1. The energy spectrum of the electron consists of a number of allowed and forbidden energy 

gap 

2. Allow ranges of ∝a which permit a wave mechanical solution to exist are shown by shaded 

portions. The motion of electrons in a periodic lattice is characteristic by the bands of 

allowed energy separated by forbidden regions. 

3. As the value of ∝a increases the width of the allowed energy bands increases and the width 

of the forbidden band decreases. 

4. If the potential barrier strength P is large, the function described by the right hand side of 

the equation crosses +1 and -1 region at a steeper angle. Thus the allowed bands become 

narrower and forbidden bands become wider as shown in Fig.23. 
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Fig.23. Variation of potential barrier P 

5. If P→ in Eq(4) the allowed energy band becomes infinitely narrow and energy spectrum 

becomes one single energy level corresponding to the discrete energy level of an isolated 

atom it looks like a line spectrum as shown in Fig.24.    

i.e sina = 0 

𝛼𝑎 = ±𝑛𝜋        

𝛼 =
±𝑛𝜋

𝑎
  ; 𝛼2 = (

𝑛2𝜋2

𝑎2 ) But 𝛼2 =
2𝑚𝐸

ℏ2  

(
2𝑚𝐸

ℏ2 ) = (
𝑛2𝜋2

𝑎2 )  

𝐸 =  (
𝑛2ℏ2

2𝑚𝑎2) 𝑛2  

𝐸 =
𝑛2ℎ2

8𝑚𝑎2   Since ℏ =
ℎ

2𝜋
 

This expression shows that the energy spectrum of the electron contains discrete energy levels 

separated by forbidden regions. The electron behaves as a bound particle as shown in Fig 26(c). 

 
Fig.24. Line Spectrum 

6. When p →0 in Eq(4) 

 cos ka = cos a   So,       = k 

         𝛼2 = 𝑘2     But 𝛼2 =
2𝑚𝐸

ℏ2  

                                  Therefore 𝑘2 =
2𝑚𝐸

ℏ2  

    𝐸 =
ℏ2𝑘2

2𝑚
     (Since ℏ =

ℎ

2𝜋
  and 𝑘 =

2𝜋

𝜆
) 

𝐸 = (
ℎ2

8𝑚
)(

4𝜋2

𝜆2
) = (

ℎ2

2𝑚
)(

1

𝜆2
) = (

ℎ2

2𝑚
)(

𝑝2

ℎ2
) =

𝑝2

2𝑚
=

1

2
𝑚𝑣2 (𝑠𝑖𝑛𝑐𝑒 𝑝 = 𝑚𝑣) 

The above equation shows all the electrons are completely free to move in the crystal without any 

constrains. Hence, no energy level exists i.e., all the energies are allowed to the electrons and is 

shown in Fig.25 and Fig 26(a). This case supports the classical free electron theory.  

7. When p is increased, the binding energy of the electrons with the lattice points is also 

increased. Therefore the electron will not be able to move freely and hence the width of the 

allowed energy band is decreased as shown in Fig.26(b). 
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Fig.25. Fee particle energy levels 

8. When p is decreased, the binding energy of the electron decreases and thus it moves freely 

over the lattice points and hence a wide range of allowed energy levels as shown in Fig.26(b). 

We observed that thus by varying potential barrier (P) from 0 to , the free electron becomes 

completely bound electron. So, by varying p from zero to infinity we get the energy spectra of all 

ranges as shown in Fig.26. 

 
Fig.26. Energy levels for free electron to Bound electron 

20. What are the Difference between conductor, semiconductor and Insulator? 

Based on Band Theory and on the basis of the presence of forbidden band gap the materials are 

classified in to three categories. 

BASIS FOR 

COMPARISON 
CONDUCTORS SEMICONDUCTORS INSULATORS 

Meaning Conductors are the 

substance that transmits 

heat or electricity through 

them. 

Such substance or materials 

that may act as a conductor, 

as well as insulators under 

different conditions, are 

known as semiconductors. 

Insulators are the substance 

that does not allow heat or 

electricity to pass through 

them. 

Conductivity Less than 10-5 -m Between 10-5 -m- 105 -m More than105 -m 

Forbidden gap There is no forbidden gap. Small forbidden gap. Large forbidden gap. 

Resistivity Low. Moderate. Very High. 

Temperature 

coefficient 

Positive. Negative. Negative. 

Conductivity 

value 

 Very high.  Moderate.  Negligible. 

Conduction Numerous electrons for 

conduction. 

Very less number of 

electrons for conduction. 

Neutral number of electrons 

for conduction. 

Resistivity value Less than  Between  More than  
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Current flow Caused by the presence of 

free electrons. 

It is caused by free electrons 

and holes. 

It is caused by free electrons 

which are negligibly present. 

Valence 

electrons 

There is only one valence 

electron in the outermost 

shell. 

There are four valence 

electrons in the outermost 

shell.  

There are eight valence 

electrons in the outermost 

shell. 

Overlapping of 

bands 

The valence and 

conduction bands are 

overlapped. 

Valence band and 

conduction band are 

separated energy gap of 

1.1eV. 

Both the bands get divided 

by an energy gap of 6eV - 

10eV. 

Energy band 

diagram 

   

Type of Bonds Conductors are formed by 

a metallic bonding. 

Semiconductors are formed 

by covalent bonding. 

Insulators are formed by 

ionic bonds. 

Examples Gold, Bronze, Silver, 

Mercury, Copper, Brass, 

etc. 

Silicon, Germanium, etc. Mica, Rubber, Wood, Paper, 

etc. 

Short answer questions: 

1. State De-Broglie hypothesis. 

2. What are matter waves? 

3. Define black body radiation. 

4. State Heisenberg’s uncertainty principle. 

5. What is Heisenberg picture 

6. Define a) Lattice point b)Space lattice c) Unit cell d) Atomic packing fraction 

7. Write short notes on Miller indices. 

8. Write short notes on Bloch theorem 

Long answer questions: 

1. Explain black body radiation. 

2. Write a short note on Planck’s quantum theory. 

3. What are matter waves? Derive an expression for De-Broglie wave length associated with 

an electron. 

4. Explain the physical significance of Wave function. 

5. Derive an expression for Schrödinger’s time independent wave equation. 

6. Derive an expression for Schrödinger’s dependent wave equation 

7. Obtain a solution for particle enclosed in one-dimensional potential box or Derive an 

expression for the energy states of a particle trapped in one-dimensional potential box. 
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8. Describe about seven crystal system. 

9. What are bravasis lattices? List out bravasis lattices. 

10. Derive expression for Interplanar spacing 

11. Show that among SC,BCC and FCC most closely packed structure 

12. Explain HCP structures. 

13. Write short notes on Band theory of solids 

14. Explain Qualitatively Kronig-penny model 

15. What are the difference between conductor, semiconductors and insulators? 
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Unit V 

Laser and Fiber optics 

Introduction 

It is a device to produce a powerful monochromatic narrow beam of light in which the 

waves are convergent. Laser is an acronym for light amplification by stimulated emission of 

radiation. 

Maser is an acronym of microwave amplification by stimulated emission of radiation. The 

light emitted from the conventional light source (eg: sodium lamp, candle) is said to be incoherent. 

Because the radiation emitted from different atom do not have any definite phase relationship with 

each other. Lasers are much important because the light sources having high 

monochromaticity, high intensity, high directionality and high coherence. In the laser the principal 

of maser is employed in the frequency range of 1014 to 1015Hz and it is termed as optical 

maser.Laser principle now a day is extended up to γ-rays hence Gamma ray lasers are called 

Grazers.The first two successful lasers developed during 1960 were Ruby laser and He- Ne lasers. 

Some lasers emit light is pulses while others emit as a continuous wave. 

Comparison of Ordinary and Laser Light 

Ordinary Light Laser 

1.Angular spread is more 1.Angular spread is less 

2.They are not directional 2.They are highly directional 

3.It is Less Intense 3.It is highly Intense 

4.It is not a coherent beam and is not in phase 4.It is a coherent beam and is in phase 

5.The radiations are poly chromatic 

Eg: Sunlight, Mercury Vapour lamp etc 

5.The radiations are monochromatic 

       Eg: He – Ne laser, CO2 laser etc. 

1. What are the Characteristics of Laser Beam? 

Some of the special properties which distinguish lasers from ordinary light sources are 

characterized by:  

1. High Intensity  

2. Monochromacity 

3. Directionality 

4. Coherence  

1. High Intensity: Generally, light from conventional source spread uniformly in all 

directions. For example, take 100 watt bulb and look at a distance of 30 cm, the power enter 

into the eye is less than thousand of a watt. This is due to uniform distribution of light in all 

directions.  But in case of lasers, light is a narrow beam and its energy is concentrated within 

the small region. The concentration of energy accounts for greater intensity of lasers. 

2. Monochromacity: The light emitted by laser is highly monochromatic than any of the other 

conventional monochromatic light. A comparison b/w normal light and laser beam, ordinary 

sodium (Na) light emits radiation at wave length of 5893A0 with the line width of 1A0. But 

He-Ne laser of wave length 6328A0 with a narrow width of only 10-7 A0 i.e., Monochromacity 

of laser is 10 million times better than normal light.  
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The degree of Monochromacity of the light is estimated by line of width (spreading frequency 

of line). 

3. Directionality: Laser emits radiation only in one direction due to the presence of coherent 

photons. The directionality of laser beam is expressed in terms of angle of divergence (ᶲ) 

Divergence or Angular Spread is given by ᶲ = r2-r1/d2-d1. Where d1, d2 are any two distances 

from the laser source emitted and r1, r2 are the radii of beam spots at a distance d1 and d2 

respectively as shown in above Fig.1. Laser light having less divergence, it means that laser 

light having more directionality.  

 

 

 

 

 

 

Fig.1. 

4. Coherence: If any wave appears as pure sine wave for longtime and infinite space, then it 

is said to be perfectly coherent.   

Practically, no wave is perfectly coherent including lasers. But compared to other light sources, 

lasers have high degree of coherence because all the energy is concentrated within the small 

region. There are two independent concepts of coherence.  

i) Temporal coherence (criteria of time) 

ii) Spatial coherence (criteria of space) 

2. Write a short notes on Laser speckles. 

Light is light, you can't really talk about different "types" of light. Photons, which make up 

light, are characterized by their energy (wavelength), direction of travel, and polarization (direction 

of oscillating electric field - which is always perpendicular to its direction of travel). 

The main difference between light from a laser and light from a flashlight (incandescent 

bulb) is coherence. In lasers, light is emitted in phase, meaning the peaks and troughs of the 

photons leaving the device are all lined up with one another, implying the electric fields are all 

oscillating in the same direction as well (polarized) so the light is extra bright (amplification) and 

can be focused to a very small spot. Coherence gives laser light that characteristic speckled look. 

The term speckle refers to a random granular pattern which can be observed e.g. when a 

highly coherent light beam (e.g. from a laser) is diffusely reflected at a surface with a complicated 

(rough) structure, such as a piece of paper, white paint, a display screen, or a metallic surface with 

a large number of scattering particles in space, such as airborne dust or in cloudy liquids. This 

phenomenon results from the interference of different reflected portions of the incident beam with 

random relative optical phases. Even minor changes of the conditions, such as of the illuminated 

spot or the direction of the incident laser beam, can change the detailed shape of a speckle pattern. 

Subjective speckle pattern: When a rough surface which is illuminated by a coherent light (e.g. 

a laser beam) is imaged, a speckle pattern is observed in the image plane; this is called a "subjective 
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speckle pattern" – see image above. It is called "subjective" because the detailed structure of the 

speckle pattern depends on the viewing system parameters; for instance, if the size of the lens 

aperture changes, the size of the speckles change. If the position of the imaging system is altered, 

the pattern will gradually change and will eventually be unrelated to the original speckle pattern. 

Objective speckle pattern: When laser light which has been scattered off a rough surface falls on 

another surface, it forms an "objective speckle pattern". If a photographic plate or another 2-D 

optical sensor is located within the scattered light field without a lens, a speckle pattern is obtained 

whose characteristics depend on the geometry of the system and the wavelength of the laser. The 

speckle pattern was obtained by pointing a laser beam at the surface of a mobile phone so that the 

scattered light fell onto an adjacent wall. So speckle pattern formed on the wall. Strictly speaking, 

this also has a second subjective speckle pattern but its dimensions are much smaller than the 

objective pattern so it is not seen in the image. 

The complicated intensity patterns observed at the ends of multimode fibers are also 

sometimes called speckle. They result from the interference of many propagation modes, where 

the relative phases depend on the detailed launching conditions. 

The term speckle pattern is also commonly used in the experimental mechanics community 

to describe the pattern of physical speckles on a surface which is useful for measuring displacement 

fields via digital image correlation. They have been used in a variety of applications in microscopy, 

imaging, and optical manipulation. 

3. Explain Induce Absorption, Spontaneous and Stimulated emission. 

Process involved in Lasers: We know, that when light is absorbed by the atoms (or) molecules, 

then it goes from the lower energy level E1 to the higher energy level E2 and during the transition 

from E2 to E1 the light is emitted from the atoms (or) molecules. 

 Let us consider an atom exposed to (light) photons of energy E2-E1=hv, there distinct process 

takes place. 

 Induced Absorption 

 Spontaneous Emission and 

 Stimulated Emission 

Induced Absorption: An atom in the lower energy level (or) ground state energy level E1 absorbs 

the incident photon radiation of energy hv and goes to the higher energy level (or) excited energy 

state E2. 

 

 

 

 

This process is called as absorption. Normally, the atoms in the excited state will not stay there for 

a long time, rather it comes to ground state by emitting a photon of energy E=hv such an emission 

takes place by one of the following methods. 
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Spontaneous Emission: The atom in the excited state returns to the ground state by emitting a 

photon of energy E=hv, spontaneously without any external triggering. This process is known as 

spontaneous emission. Such an emission is random and is independent of incident radiation.   

 

 

 

 

 

Stimulated Emission: The atom in the excited state can also return to the ground state by external 

triggering (or) inducement of photon thereby emitting a photon of energy equal to the energy of 

the incident photon, known as stimulated emission. 

Thus results in two photons of same energy, phase difference and of same directionality. 

 

 

 

4. What are Einstein’s Coefficients and give relation between them: 

 In 1917, Einstein predicted the existence of two different kinds of processes by which an 

atom emits radiation.  

 Transition between the atomic energy states is statistical process. It is not possible to 

predict which particular atom will make a transition from one state to another state at a 

particular instant. For an assembly of very large number of atoms it is possible to calculate 

the rate of transitions between two states.  

 Einstein was the first to calculate the probability of such transition, assuming the atomic 

system to be in equilibrium with electromagnetic radiation. 

 If N1 is the number of atoms in E1 state, N2 is the number of atoms in E2 state. ρ()is the 

energy incident on the system. 

Induced Absorption: If there are many number of atoms in the ground state then each atom will 

absorb the energy from the incident photon and goes to the excited state then the rate of absorption 

(R12) is proportional to the following factors. Let N1 and N2 number of atoms in the energy level 

E1 and E2 respectively 

 

 

 

 

 

  𝑅12 𝜌() 

𝑅12  𝑁1 

𝑅12  𝜌()𝑁1 
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𝑅12 = 𝐵12𝜌()𝑁1 ____________(1) 

Where ρv    Energy density of incident Radiation; N1   Numbers of atoms in E1 

  Where B12 is a proportional constant which gives the probability of absorption transition 

per unit time. 

 Spontaneous Emission: The atom in the excited state returns to the ground state by emitting a 

photon of energy E=hv, spontaneously without any external triggering. This process is known as 

spontaneous emission. Such an emission is random and is independent of incident radiation. 

If N1 and N2 are the numbers of atoms in the ground state E1 and excited state E2 respectively then 

the rate of spontaneous emission is R21. 

 

 

𝑅21(𝑠𝑝)  𝑁2 

𝑅21(𝑠𝑝) =  𝐴21𝑁2  ________________(2) 

 N2  is number of atoms in the excited state A21 is a constant which gives the probability of 

spontaneous emission transitions per unit time. Spontaneous emission gives incoherent sources 

Stimulated Emission: The atom in the excited state can also return to the ground state by external 

triggering (or) inducement of photon thereby emitting a photon of energy equal to the energy of 

the incident photon, known as stimulated emission. Thus results in two photons of same energy, 

phase difference and of same directionality. 

  

 

 

 

𝑅21(𝑠𝑡) 𝜌() 

𝑅21(𝑠𝑡)  𝑁2 

𝑅21(𝑠𝑡)  𝜌()𝑁2 

𝑅21(𝑠𝑡) =  𝐵21𝜌()𝑁2 ____________(3) 

Where ρv    Energy density of incident Radiation; N2   Number of atoms in E2 

     B21    constant, which gives the probability of stimulated emission transitions per unit time.  

Einstein’s theory of absorption and emission of light by an atom is based on Planck’s 

quantum theory of radiation. Also under thermal equilibrium, the population of energy levels obey 

the Boltzmann’s distribution law. 

i.e. under thermal equilibrium 

 The rate of absorption    =     The rate of emission  

i.e  Eq(1) = Eq(2) + Eq(3) 

So  𝐵12𝜌()𝑁1 = 𝐴21𝑁2  + 𝐵21𝜌()𝑁2       
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𝐵12𝜌()𝑁1 − 𝐵21𝜌()𝑁2 = 𝐴21𝑁2      

(𝐵12𝑁1 − 𝐵21𝑁2)𝜌() = 𝐴21𝑁2     

𝝆𝝂 =
𝐴21𝑁2

(𝐵12𝑁1−𝐵21𝑁2)
  

𝝆𝝂 =
𝑁2𝐴21

𝑁2 [
𝑁1

𝑁2
𝐵12 − 𝐵21]

 

Divided by numerator and denominator by B21 above equation, we get  

𝝆𝝂 =

𝐴21
𝐵21

[
𝑁1
𝑁2

 
𝐵12
𝐵21

−1]
 _________(4) 

According to Maxwell- Boltzmann statistics, 

𝑁1 = 𝑁0𝑒
(−𝐸1)/𝑘𝐵𝑇; Similarly  𝑁2 = 𝑁0𝑒

(−𝐸2)/𝑘𝐵𝑇 

Where kB is Boltzmann constant, N0 is number of atoms at absolute zero 

At equilibrium, we can rewrite ratio of population levels  as follows, 

                                                               
𝑁1

𝑁2
=

𝑁0𝑒(−𝐸1)/𝑘𝐵𝑇

𝑁0𝑒(−𝐸2)/𝑘𝐵𝑇  

                                     
𝑁1

𝑁2
= 𝑒(𝐸2−𝐸1)/𝑘𝐵𝑇        Since E2 - E1 = h  

The above equation becomes  
𝑁1

𝑁2
= 𝑒ℎ/𝑘𝐵𝑇 __________(5) 

Substitute equation (5) in to (4), we get 

𝝆𝝂 =

𝐴21
𝐵21

[𝑒ℎ/𝑘𝐵𝑇 
𝐵12
𝐵21

−1]
 _______(6)’ 

The above equation is well agreement with plank’s radiation law  

𝝆𝝂 =
8𝜋ℎ𝜈3

𝑐3  
1

𝑒𝑥𝑝

ℎ𝜈
𝐾𝐵𝑇 −1

  ____________(7) 

Comparing Eq (6) and (7), we get 

𝐴21

𝐵21
= 

8𝜋ℎ𝜈3

𝑐3
 

𝐴21

𝐵21
∞ 𝜈3______ (8) 

𝐵12

𝐵21
= 1 

𝐵12 = 𝐵21_____(9) 

Eq(8) and (9) are called Einstein’s Coefficients 

The coefficients A21, B12, B21 are known as Einstein coefficients.  

Since we are applying same amount of energy density ρ() and observing in the same time   

(t), number of atoms excited into higher energy levels (absorption) = number of atoms that made 

transition into lower energy levels (stimulated emission) B12 = B21 i.e. absorption = stimulated 

emission. 

Ratio of magnitudes of stimulated and spontaneous emission rates 
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Rate of simulated emission 

𝑅21(𝑠𝑡) =  𝐵21𝜌()𝑁2 

Rate of spontaneous emission 

𝑅21(𝑠𝑝) =  𝐴21𝑁2   

Ration of above two equations 
𝑅21(𝑠𝑡)

𝑅21(𝑠𝑝)
=

𝐵21𝜌() 𝑁2

𝐴21 𝑁2  
  

𝑅21(𝑠𝑡)

𝑅21(𝑠𝑝)
=

𝐵21

𝐴21  
𝜌() ______ (10) 

Rearrange the equation (6), we get  
𝐵21

𝐴21
𝝆𝝂 =

1

(
𝐵12
𝐵21

)[𝑒ℎ/𝑘𝐵𝑇 −1]
   

Since 𝐵12 = 𝐵21 we have  
𝐵21

𝐴21  
𝜌() =

1

[𝑒ℎ/𝑘𝐵𝑇 −1]
______(11) 

Comparing eq(10) and (11) 
𝑅21(𝑠𝑡)

𝑅21(𝑠𝑝)
=  

𝐵21

𝐴21  
𝜌()  

The above equation can be written as 

𝑅 =   
𝐵21

𝐴21  
𝜌()  

5. What are difference between Stimulated emission and Spontaneous Emission? 

Stimulated Emission Spontaneous Emission 

1.At atom in the excited state is induced to return to 

ground state, there by resulting in two photons of same 

frequency and energy is called stimulated emission 

1. The atom in the excited state returns to ground 

state there by emitting a photon, without any 

external inducement is called spontaneous 

emission. 

2.The emitted photons move in the same direction and 

is highly directional  

2. The emitted photons move in all directions and 

are random 

3.The radiation is high intense, monochromatic and 

coherent  
3.The radiation is less intense and is incoherent 

4.The photons are in phase i.e. there is a constant phase 

difference 

4. The photons are not in phase i.e. there is no 

phase relationship between them 

5.It is not natural process 5. It is  natural spontaneous process 

6. This is the key process of formation of laser beam. 
6. This phenomenon is found in LEDs, 

Fluorescent tubes. 

7. Population inversion is achieved by various 

‘pumping’ techniques to get amplification giving the 

LASER its name “Light amplification by stimulated 

emission of radiation.” 

7. There is no population inversion of electrons 

in LEDs. 

8. Thus stimulated emission is caused by external 

stimulation. 

8. No external stimulation is required. 
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9. High  Intense 9.Less intense 

10. This is discovered by Neil’s Bohr 10This is discovered by Albert Einstein 

11.It emits single energy photon 11.It emits  double energy photon 

12.The rate of transition is given by  

13.R21 (st) =B21PvN2 

12.The rate of transition is given by  

13.R21 (sp) = A21  N2 

6. What is metastable state? Explain population inversion? 

The Ratio of stimulated emission to spontaneous emission gives    𝑅 =  
𝐵21

𝐴21  
𝜌() 

 This indicates that the stimulated emission will dominate the spontaneous emission if density ρ 

of the incident photons is very large. Thus the presence of a large number of photons in the active 

medium is required. A medium in which population inversion is active is called an active medium 

and here stimulated transition will dominate the spontaneous transition of the value of ratio B21/A21 

is also large. To increase the probabilities of stimulated emissions the life time 1/A21 of atoms at 

the excited state should be larger. Since the unit of A21 in sec-1, 1/A21 represents the unit of time 

with which represents the life time of excited state. This is called metastable state. Atoms excited 

to the metastable states remain excited for an appreciable time which is of the order of 10-6 to 10-

3 sec. 

Population Inversion 

 The number of atoms in the excited state should be increased by some means. Thus the 

state of achieving more number of atoms in the excited state, compare to the ground state atoms is 

called as population inversion. 

In order to achieve population inversion, we need to supply energy to the laser medium. 

The process of supplying energy to the laser medium is called pumping. The source that supplies 

energy to the laser medium is called pump source. The type of pump source used is depends on 

the laser medium. Different pump sources are used for different laser mediums to achieve 

population inversion. Some of the most commonly used pump sources are as follows: 

 Optical pumping 

 Electric discharge or excitation by electrons 

 Inelastic atom-atom collisions 

 Thermal pumping 

 Chemical reactions 

Population inversion is easily achieved when the system of molecules or atoms have the 

energy levels with favorable properties. For example, the upper energy level has a long lifetime 

and the lower energy level has a short lifetime. 

Optical Pumping: As the name suggests, in this method, light is used to supply energy to the laser 

medium. An external light source like xenon flash lamp is used to produce more electrons (a high 

population) in the higher energy level of the laser medium. 

Consider three energy level systems E1, E2 and E3 as shown in Fig.2. .Suppose a photon of energy 

equal to the energy difference between the two energy levels. Incident on the system, then there is 

equal chance for stimulated emission and absorption to occur. At this situation, the chance for 

emission (or) the absorption depends only on the number of atoms in E1 & E3  
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Let N1 be the number of atoms in E1 and N2 in E2 and N3 in E3 then 

 If N1 > N2 there is more chance for absorption  

      N2 > N1 there is more chance for stimulated emission to take place.  

When light source provides enough energy to the lower energy state (E1) electrons in the laser 

medium, they jump into the higher energy state E3. The electrons in the higher energy state do not 

stay for long period. After a very short period, they fall back to the next lower energy state or 

metastable state E2 by releasing radiation less energy i.e Non-radiative transitions   

 

Fig.2. Population Inversion 

The metastable state E2 has greater lifetime than the lower energy state or ground state E1. Hence, 

more electrons are accumulated in the energy state E2 than the lower energy state E1. Thus, 

population inversion is achieved as shown in Fig.2. 

7. Write short notes on Lasing action or Laser Construction 

A laser or laser system consists of three important components: A Source of energy, laser 

medium and optical resonator as shown in Fig.3. 

 
Fig.3. Laser system 

Source of energy Source: The pump source or energy source is the part of a laser system that 

provides energy to the laser medium. To get laser emission, first we need to produce population 

inversion. Population inversion is the process of achieving greater number of electrons in higher 

energy state as compared to the lower energy state. The source of energy supplies sufficient amount 

of energy to the laser medium by which the electrons in the lower energy state are excited to the 

higher energy state. As a result, we get population inversion in the active medium or laser medium.  

Laser Medium/Active Medium: The laser medium is a medium where spontaneous and 

stimulated emission of radiation takes place. It is also a medium in which metastable stable is 

present. Generally, the population of lower energy state is greater than the higher energy state. 
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However, after achieving population inversion, the population of higher energy state becomes 

greater than the lower energy state. It can be solid gas or pn junction 

Optical Resonator: The laser medium is surrounded by two parallel mirrors which provides 

feedback of the light. One mirror is fully reflective (100 % reflective) whereas another one is 

partially reflective (<100 % reflective). These two mirrors as a whole is called optical resonator. 

Optical resonator is also known as optical cavity or resonating cavity. 

The completely reflective mirror is called high reflector whereas the partially reflective 

mirror is called output coupler. The output coupler will allows some of the light to leave the optical 

cavity to produce the laser’s output beam. 

The light generated within the laser medium will bounce back and forth between the two 

mirrors. This stimulates other electrons to release light while falling to the ground state. Likewise, 

a large number of electrons are stimulated to emit light. Thus, optical gain is achieved. 

The amplified light escaped from the partially reflecting mirror is produced by the 

stimulated emission process. Hence, this light will travel to large distances without spreading in 

the space. 

Different types of lasers: There are many types of lasers available for research, medical, 

industrial, and commercial uses.  Lasers are often described by the kind of lasing medium they 

use - solid state, gas, excimer, dye, or semiconductor. 

8. Explain principle, construction and working of Ruby Laser 

  Characteristics of Ruby Laser: 

  Type   : Solid State laser 

  Active Medium : Ruby Rod (Al2O3 doped with Cr2O3) 

  Active Centre  : Cr3+ ions 

  Pumping Method : Optical pumping 

  Pumping Source : Helical Xenon flash lamp 

  Optical Resonator : Two ends of the rod polished with Silver 

  Power output  : 104 – 105 watts.  

  Nature of output : Pulsed 

  Wave length   : 6943 Ao 

  It is a three level solid state laser, discovered by Dr. T. Maiman in 1960, Ruby, a naturally 

occurring precious stone, is a crystal made up of aluminum oxide (Al2O3) in which Al3+ 

ions are replaced by doping Cr3+ ions. The Ruby rods are prepared by pink ruby doped with 

approximately 0.05% of chromium oxide. The Cr3+ ions are the active centre in the Ruby 

crystal. 

Principle: The Cr atoms are raised to excited states by optical pumping using xenon flash lamp. 

Once the life time of excited state is over it will come down to metastable state by non-radiative 

transition.  Then the atoms are accumulated at metastable. Due to stimulated emission the transition 

of atoms takes place from metastable state to ground state, there by emitting laser beam. 

Construction: The construction of Ruby laser as shown in Fig.4. The Ruby Rod which is made up 

of A12O3 doped with Cr2O3 with Cr3+ as active centre is kept inside the glass tube. Flash lamp is 
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spirally wound over the curved surface of the ruby rod and is connected to a power supply. Cooling 

arrangement is made to avoid heating in which liquid Nitrogen (or) water may be circulated. The 

ends of the rod are made strictly silvered. One end face is fully silvered and the other end is partially 

silvered. The energy level diagram as shown in Fig 5. 

 

 

 

 

 

Fig.4. Ruby laser 

 

 

 

 

 

 

 

 

 

 

Fig.5. Energy level diagram 

Working: 

 The flash lamp is switched on, a few thousand joules of energy is discharged in a few 

milliseconds. 

 A part of this energy excites the Cr3+ Ions to excited state from their ground state and the rest 

heats up the apparatus can be cooled by the cooling arrangement by passing liquid nitrogen. 

 The chromium ions respond to this flash light having wavelength 5600 A0(Green),[4200 

A0(Red)Also] 

 When the Cr3+ Ions are excited to energy level E3 from E1 the population in E3 increases. 

 Cr3+ Ions stay here(E3) for a very short time of the order of 10-8 sec, then they drop to the level 

E2 which is metastable state of lifetime 10-3 sec .Here the transitions from E3 to E2 is non 

radiative in nature. 

 As the lifetime of the state E2 is much longer, the number of ions in this state goes on 

increasing while in the ground state (E1) goes on decreasing. By this process population 

inversion is achieved between E2& E1. 

 When an excited ion passes spontaneously from the metastable state E2 to the ground state E1 

it emits a photon of wavelength 6943A0. 
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 This photon travels through the ruby rod and if it is moving parallel to the axis of the crystal, 

is reflected back & forth by silvered ends until it stimulates an excited ion in E2 and causes it 

to emit fresh photon in phase with the earlier photon. This stimulated transition triggers the 

laser Transition. 

 The process is repeated again and again, because the photons repeatedly move along the 

crystal being reflected from ends. The photons thus get multiplied. 

 When the photon beam becomes sufficiently intense, such that a part of it emerges through 

the partially silvered end of the crystal. 

Applications of Ruby Laser: 

 It is used in pulsed holography 

 It is used in Light Detection and Ranging 

 It is used in Remote Sensing 

 It is used in Ophthalmology. 

 Because of its coherence it is used in Drilling small areas. 

9. Explain principle, construction and working of Neodymium laser or Nd:YAG laser. 

Definition: Nd:YAG laser is the short form used for Neodymium-doped Yttrium Aluminum 

Garnet. It is a solid state and 4 level system as it consists of 4 energy levels. 

Nd ion is rare earth metal and it is doped with solid state host crystal like yttrium aluminum garnet 

(YAG – Y3Al5O12) to form Nd:YAG laser. Due to doping, yttrium ions get replaced by the 

Nd3+ ions. Also, the doping concentration is around 0.725% by weight. 

Principle: Its working principle is such that when optical pumping is provided to the device. Then 

the Nd ions get raised to higher energy levels and their transition produces a laser beam. 

This laser generally emits light of wavelength of nearly 1.064 μm. 

Construction of Nd:YAG laser: Nd:YAG laser is basically categorized into 3 domains that are the 

active medium, pumping source and the optical resonator. 

The Fig.6 shows the construction and the structure of Nd:YAG laser: 

 

 

 

 

 

 

 

 

Fig.6. Nd:YAG laser 

Active medium: This is also known as the laser medium and is the middle portion of the structure 

i.e., Nd:YAG crystal. Basically when the external energy source is provided then the electrons 

from lower energy state moves to higher energy state thereby causing lasing action to take place.  
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External Energy source: Due to the difference in the energy levels, the electrons need some 

external pumping in order to perform a transition from one state to another. So, for lasing action 

to take place an external pump source is required. 

Basically, as a source of optical pumping, xenon or krypton flash tube is taken in its case. 

The Nd:YAG rod and the flash tube are placed inside an elliptical cavity so, that maximum 

produced light can reach the rod. 

Optical resonator: The two ends of the Nd:YAG rod is coated with silver. However, one end is 

completely coated with silver so as to achieve maximum light reflection. 

While the other end is partially coated in order to provide a path for the light ray from an external 

source to reach the active medium. Thereby forming an optical cavity. 

Working of Nd:YAG laser: Consider a Nd:YAG crystal active medium consisting of four energy 

levels E1, E2, E3, and E4 with N number of electrons. The number of electrons in the energy states 

E1, E2, E3, and E4 will be N1, N2, N3, and N4. 

Let us assume that the energy levels will be E1 < E2 <E3 <E4. The energy level E1 is known as 

ground state, E2 is the next higher energy state or excited state, E3 is the metastable state or excited 

state and E4 is the pump state or excited state. Let us assume that initially, the population will be 

N1 > N2 > N3 > N4. we will discuss the working of Nd:YAG laser with the help of the energy level 

diagram. 

When flashtube or laser diode supplies light energy to the active medium (Nd:YAG crystal), the 

lower energy state (E1) electrons in the neodymium ions gains enough energy and moves to the 

pump state or higher energy state E4. 

 
The lifetime of pump state or higher energy state E4 is very small (230 microseconds (Âµs)) 

so the electrons in the energy state E4 do not stay for long period. After a short period, the electrons 

will fall into the next lower energy state or metastable state E3 by releasing non-radiation energy 

(releasing energy without emitting photons). 

The lifetime of metastable state E3 is high as compared to the lifetime of pump state E4. 

Therefore, the electrons reach E3 much faster than they leave E3. This results in an increase in the 

number of electrons in the metastable E3 and hence population inversion is achieved. 
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After some period, the electrons in the metastable state E3 will fall into the next lower 

energy state E2 by releasing photons or light. The emission of photons in this manner is called 

spontaneous emission. 

The lifetime of energy state E2 is very small just like the energy state E4. Therefore, after a 

short period, the electrons in the energy state E2 will fall back to the ground state E1 by releasing 

radiation less energy. 

When photon emitted due to spontaneous emission is interacted with the other metastable 

state electron, it stimulates that electron and makes it fall into the lower energy state by releasing 

the photon. As a result, two photons are released. The emission of photons in this manner is called 

stimulated emission of radiation. 

 
When these two photons again interacted with the metastable state electrons, four photons 

are released. Likewise, millions of photons are emitted. Thus, optical gain is achieved. 

Spontaneous emission is a natural process but stimulated emission is not a natural process. 

To achieve stimulated emission, we need to supply external photons or light to the active medium. 

The Nd:YAG active medium generates photons or light due to spontaneous emission. The 

light or photons generated in the active medium will bounce back and forth between the two 

mirrors. This stimulates other electrons to fall into the lower energy state by releasing photons or 

light. Likewise, millions of electrons are stimulated to emit photons. 

The light generated within the active medium is reflected many times between the mirrors 

before it escapes through the partially reflecting mirror. 

Advantages of Nd:YAG laser 

 Low power consumption 
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 Nd:YAG laser offers high gain. 

 Nd:YAG laser has good thermal properties. 

 Nd:YAG laser has good mechanical properties. 

 The efficiency of Nd:YAG laser is very high as compared to the ruby laser. 

Applications of Nd:YAG laser 

Military: Nd:YAG lasers are used in laser designators and laser rangefinders. A laser designator 

is a laser light source, which is used to target objects for attacking. A laser rangefinder is a 

rangefinder, which uses a laser light to determine the distance to an object. 

Medicine :Nd:YAG lasers are used to correct posterior capsular opacification (a condition that 

may occur after a cataract surgery). 

Nd:YAG lasers are used to remove skin cancers. 

Manufacturing :Nd:YAG lasers are used for etching or marking a variety of plastics and metals. 

Nd:YAG lasers are used for cutting and welding steel. 

Molecular Gas laser: We know that that every molecule has electronic, vibrational and 

rotational energy levels .In a molecular gas laser, laser action is achieved by transitions between 

vibrational and rotational levels of molecules. Its construction is simple and the output of this 

laser is continuous.  In the Nd-YAG laser or in He-Ne laser, the transitions are taking place 

among the various excited electronic states of an atom or an ion 

In CO2 molecular gas laser, transition takes place between the vibrational states of Carbon dioxide 

molecules. 

10. Explain principle, construction and working of Carbon Dioxide [CO2] LASER: 

  Characteristics of CO2 laser  

 Type           :    Molecular gas Laser 

  Active Medium : Mixture of CO2, N2 and Helium or water vapour 

  Active Centre : CO2 

  Pumping Method : Electronic Discharge Method 

  Optical Resonator : Metallic Mirror of Gold 

  Power Output : 10 K.W. 

  Nature of Output : Continuous (or) Pulsed 

CO2 Molecular gas laser:  It was the first molecular gas laser developed by Indian born 

American scientist Prof.C.K.N.Pillai. It is a four level laser and it operates at 10.6 μm in the far 

IR region. It is a very efficient laser. 

Principle: The transition between vibrational leads to the construction of carbon dioxide gas laser. 

Here the Nitrogen atoms are initially raised to excited state. The Nitrogen atoms delivers the energy 

to CO2 atoms which has closest energy level to it. Then transition takes place between the 

vibrational energy levels of the CO2 atoms and hence laser beam is emitted. 

 The molecular gas laser can have two types of transitions. 

(i) Transition between vibrational states of the same electronic state. 
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(ii) Transition between vibration levels of different electronic state. 

 

 

 

 

 

 

   

CO2 laser satisfies the first condition (i.e.) here the laser transition occurs between 

vibrational energy levels of the same electronic state. 

Energy states of CO2 molecules. 

A carbon dioxide molecule has a carbon atom at the center with two oxygen atoms attached, 

one at both sides. Such a molecule exhibits three independent modes of vibrations. They are 

(i) Symmetric Stretching Mode  

  In this mode of vibration, carbon atoms are at rest and both oxygen atoms vibrate 

simultaneously along the axis of the molecule departing or approaching the fixed carbon 

atoms. 

 
(ii) Bending Mode  

Here the atoms will not be linear. In this mode of vibration, oxygen atoms and carbon atoms 

vibrate perpendicular to molecular axis. 

 

(iii) Asymmetric Stretching Mode  

In this mode of vibration, oxygen atoms and carbon atoms vibrate asymmetrically, i.e., 

oxygen atoms move in one direction while carbon atoms in the other direction. 
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Construction: The construction of CO2 laser as shown in Fig.7. It consists of a discharge tube in 

which CO2 is taken along with nitrogen and He gases with their pressure level of 0.33:1.2:7 mm 

of Hg for CO2, N2 and He respectively. Nitrogen helps to increase the population of atoms in upper 

level of CO2, He helps to cool the discharge tube. 

At the ends of the tube sodium chloride / Brewster windows are placed. Confocal silicon 

mirrors coated with Al (or) metallic mirror of gold is employed for proper reflection, which forms 

the resonant cavity. The output power can be increased by increasing the diameter of the tube. 

Working: 

 The energy level diagram of Carbon dioxide laser as shown in Fig.8. 

 When an electric discharge occurs in the gas, the electrons collide with nitrogen molecules and 

they are raised to excited states. This process is represented by the equation  N2 + e* = N2
* + e 

 N2 = Nitrogen molecule in ground state e* = electron with kinetic energy 

N2
* = nitrogen molecule in excited state e= same electron with lesser energy 

 Now N2 molecules in the excited state collide with CO2 atoms in ground state and excite to 

higher electronic, vibrational and rotational levels. 

 This process is represented by the equation N2
* + CO2 = CO2

* + N2 

 N2
* = Nitrogen molecule in excited state. CO2 = Carbon dioxide atoms in ground state 

CO2
* = Carbon dioxide atoms in excited state N2 = Nitrogen molecule in ground state. 

 

Fig 7. Carbon dioxide laser 

 Since the excited level of nitrogen is very close to the E5 level of CO2 atom, population in 

E5 level increases. 

 As soon as population inversion is reached, any of the spontaneously emitted photon will 

trigger laser action in the tube. There are two types of laser transition possible. 

1. Transition E5 to E4 :The transition to the symmetric stretching mode correspond to 

the wavelength of 10.6 [m]. 
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2. Transition E5 to E3: The transition to the bending mode correspond to the wavelength of 9.6 

[mm].  Normally 10.6μm transition is more intense than 9.6μm transition. The power output from 

this laser is 10kW. 

Lasing transitions in CO2 laser occur when the molecule is going from higher energy 

level of the asymmetric mode into one of the other two, as can be seen in Fig.8. 

Each of the vibrational energy level is subdivided into many rotational levels. Transitions can 

occur between vibrational energy levels with different rotational levels, so there are many lasing 

lines around the main vibrational transitions. 

This type CO2 laser is known as TEA LASER. [Transversely Excited Atmospheric Pressure 

Laser]. 

Advantages: 

 1. The construction of CO2 laser is simple 

 2. The output of this laser is continuous. 

 3.  It has high efficiency 

 4.  It has very high output power. 

 5. The output power can be increased by extending the length of the gas tube 

 

Fig.8. Energy level diagram of CO2 laser 

 Disadvantages:  

 1. The contamination of oxygen by carbon monoxide will have some effect on laser action 

 2. The operating temperature plays an important role in determining the output power of laser. 

 3. The corrosion may occur at the reflecting plates. 

 4. Accidental exposure may damage our eyes, since it is invisible (infra red region) to our eyes. 

Applications: 

 1. High power CO2 laser finds applications in material processing, welding, drilling, cutting 

soldering etc. 

 2. The low atmospheric attenuation (10.6μm makes CO2 laser suitable for open air 

communication. 

 3. It is used for remote sensing 
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 4. It is used for treatment of liver and lung diseases. 

 5. It is mostly used in neuro surgery and general surgery. 

 6. It is used to perform microsurgery and bloodless operations. 

11. What are the Application of Lasers? 

The number of applications of lasers is enormous, and it is not possible to explain all of them here. 

The applications are divided into groups, and well known applications of lasers are given below. 

1 Industrial applications. 

 Accurate measurements (Distance, Movement, Interferometry). 

 Straight line marking, or plan of reference. 

 Material working (cutting, welding, hardening, melting, evaporating, photolithography, 

etc.), Spectral analysis. 

2 Medical applications. 

  Laser surgery. 

  Laser in diagnostic medicine, and in combination with drugs. 

  Soft lasers (Wound healing, pain relief, cosmetic applications). 

3 Military applications. 

  Laser range-finder. 

  Target designation. 

  Laser weapons ("Star War"). 

  Laser blinding for man and sensitive equipment. 

4 Daily applications 

 Compact disk - Optical storage of information. 

  Laser printer. 

  Optical disc drives. 

  Optical computer. 

  Bar code scanner. 

 Holograms against forgery (on credit cards, money, special goods, etc.). 

  Fiber optic communications. 

 Free space communications. 

  Laser shows (Lasarium) (in discotheques and open theatres). 

  Holograms in exhibits and museums. 

  Kinetic sculptures. 

5 Scientific research applications. 

  Spectroscopy. 

  Laser (inertial) fusion. 

  Very short pulses (10-15 femtosecond). 

  Laser cooling of atoms. 

  Study of the interaction of electromagnetic radiation with matter. 

6 Special applications. 
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 Energy transport in space. 

 Laser gyroscope. 

 Fiber laser. 

Introduction- Fiber optics 

A light beam acting as a carrier wave is capable of carrying more information’s than radio waves 

and microwaves because of its high frequency.  

   Radio Waves - 106 Hz 

   Micro Waves - 1010 Hz 

   Light Waves - 1015 Hz 

  Due to atmospheric conditions like rain, fog etc, the efficient communication is disturbed. 

Hence to have an efficient communication system the light which carries the information requires 

a guiding media know as optical fibers. Thus fiber optics it is branch of physics which deals with 

the transmission and reception of light waves using optical fibers, which act as a guiding media. 

12. What are the advantages and disadvantages of Fiber Cables?  

 Greater bandwidth and speed 

 Low signal Loss 

 Longer distances 

 Immunity or No Noise and reliability 

 Better security 

 No Cross talk 

 Costs 

 Small  and Lighter design 

Greater bandwidth and speed: By far the most important advantage is its bandwidth capability. 

Bandwidth is a measure of the information carrying capacity of transmission medium. The number 

of signals can be carried by a transmission line is directly related to the frequency of the carrier 

signal. As the carrier frequency increases, so does the number of channels capable being carried 

by the transmission line. 

Optical fiber provides more bandwidth than copper co-axial cable, reaching speeds from 

100 Mbps up to 10 Gbps and beyond. This means fiber can carry more information than copper 

and with better fidelity. Optical fiber speeds depends on the type of cable, which can be single-

mode or multimode.  

Low signal Loss:  The continuing development of optical fiber has resulted in fiber cable with 

extremely low transmission losses as compared with best copper conductors. Such low losses make 

it possible to construct transmission system with hundreds of kilometres between repeater sites as 

opposed to 700meters for coaxial cable TV trunks. 

Losses in copper cables increase with frequency. So the more information you force 

through a copper conductor, the higher the losses. This effect is negligible in fiber optic cables. 

Longer distances: When traveling over long distances, optical fiber cables experiences less signal 

loss than copper cables. Copper cables performance decreases after 9,328ft, while optical fiber 

installations can go from 984.2 ft to 24.8 miles and have an outstanding performance 
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Immunity or No Noise and reliability: Noise immunity is also poor in copper transmission lines. 

They are sensitive to the electric and magnetic fileds generated by machinery, radio equipment, 

lighting, and high voltage power lines. Ground loops and cross talk are also severe problems in 

copper cables. Because glass is an insulator, no electric current can flow through an optical fiber, 

and because the optical signal cannot pass between fibers, fiber cables are immune to both optical 

and electrical interference.  

Copper, if not properly installed, produces electromagnetic currents that can cause 

problems on the network. While optical fiber is immune to electromagnetic interferences, thus they 

provide reliable data transmission. Fiber is less susceptible to temperature and can be installed 

underwater, too. 

Better security: Fiber does not radiate signals, so it is extremely difficult for a hacker to tap into 

a fiber system. Light must be removed from the fiber itself, and it is really easy to monitor when a 

fiber cable is tapped, so you will know if someone tries to break your network security. Fiber 

affords a high degree of security not possible with other transmission systems. 

No Cross talk: Optical signal inside a fiber cannot leak out and interfere with signals in other 

fibers. Remember when you’re in phone conversation and suddenly you had someone elss on your 

line? Sometimes the disturbing conversation was at the same volume as yours, while at other times 

it was the nuisance of distant, occasional bits of taking that disturbed your call. This does not occur 

on fiber lines. 

Costs: Optical fiber is more expensive than copper in the short run, but its maintaining costs are 

significantly lower. Fiber requires less hardware installation and lasts longer, which makes it less 

expensive in the long run. 

Small and Lighter design: One of the fiber finer attributes of fiber is its size. Optical fibers are 

not much thicker that human hair. Even when fibers are coated and incorporated in cable structures, 

they are far smaller and lighter than metallic cable. 

A copper cable with 900 pairs carrying 21,000 telephone channels has a diameter of three 

inches and weighs eight tons per kilometer. An armored-fiber cable with 12 pairs of fiber 

carrying more than 3,80,000 channels is slightly more than on-half inch in diameter and weighs 

only 176 pounds per kilometre. Small in size and light weight makes storage, handling and 

installation mush easier. Size differences are follows 

 

Optical Fiber Disadvantages 
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Price - Even though the raw material for making optical fibres, sand, is abundant and cheap, optical 

fibres are still more expensive per metre than copper. Although, one fibre can carry many more 

signals than a single copper cable and the large transmission distances mean that fewer expensive 

repeaters are required. 

Fragility - Optical fibres are more fragile than electrical wires. 

Affected by chemicals - The glass can be affected by various chemicals including hydrogen gas 

(a problem in underwater cables.) 

Opaqueness - Despite extensive military use it is known that most fibres become opaque when 

exposed to radiation.  

Requires special skills - Optical fibres cannot be joined together as a easily as copper cable and 

requires additional training of personnel and expensive precision splicing and measurement 

equipment. 

13. What is the structure of Optical Fiber? Explain the Principle of Optical Fiber? 

 It is made up of transparent dielectrics (SiO2), (glass or plastics). An optical fiber consists of a 

central core glass (50µm) surrounded by a cladding (125-200µm) which is of slightly lower 

refractive index than core. The cladding in enclosed by outer jacket, which acts as protective skin 

for core and cladding as shown in Fig.9. 

 

 

 

 

 

 

Fig.9. 

This protective layer is used, so has to make the optical cable to withstand for hard pulling, 

bending, sketching, rolling etc. 

       The layer also traps the escaping light from the core. 

 It is light in weight. 

 Optical fiber is smaller in size and is flexible, so that it can bend to any position. 

 There is no short circuiting as in metal wires 

 There is no internal Noise. 

 It can withstand to any range of temperature and moisture condition. 

 There is no need to ground and hence no voltage problem occurs. 

Principle of Optical Fiber: For optical fibers, the process of propagation of light is simple, 

because once the light enters the fiber, the rays do not encounter any new surfaces, but repeatedly 

they hit the same surface. The reason of confining the light beam inside the fibers is the total 

internal reflection. 

Even for a bent fiber, the light guidance takes place by multiple total internal reflection all over 

the length of the fiber. 
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Principle: The principle of optical fiber communication is total internal reflection as shown in 

Fig.10. 

 

 

 

Fig.10. 

Total Internal Reflection: The phenomenon of Total Internal Reflection takes place when it 

satisfies the following two conditions. 

Condition 1: Light should travel from denser medium to rarer medium.  

  i.e.  n1 > n2 ;  where n1 = refractive index of core , n2 = refractive index of cladding 

Condition : The angle of incidence on core should be greater than the critical angle. 

  i.e.  Ø > ØC ; where Ø  Incident angle , ØC  Critical angle 

Propagation of Light Ray Phenomenon: 

  Let the light ray travels from denser medium to rarer medium. 

Case (i)  when Ø < ØC, the ray is reflected into the rarer medium. 

 

 

 

 

 

Case (ii)  when  Ø = ØC, the ray traverses along the interface. So that the angle of refraction 

is 90o. This angle is called critical angle ØC 

  n1Sin ØC = n2Sin90 

   Sin ØC = n2 / n1 ; so ØC = Sin-1 (n2 / n1) 

 

 

 

 

 

Case (iii)  when  Ø > ØC, the ray is totally reflected back into the denser medium itself. 
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14. What are different Types of Optical Fiber? 

 Optical fibers are classified into 3 major categories based on  

(i) Material 

(ii) Number of Modes 

(iii) Refractive Index Profile. 

As shown in Fig.11. 

 

Fig.11. 

Glass and Plastic Fibers: Based on materials in which the Fibers are made it is classified into two 

types. 

(i) Glass Fibers: If the fibers are made up of mixture of metal oxides and silica glasses. 

Example: Glass Fibers can be made up of any one of combinations of the following 

(i) Core  SiO2  cladding  P2O3-SiO2 

(ii) Core  GeO2-SiO2  cladding  SiO2 

  (ii)  Plastic Fibers: If the fibers are made up of plastics which can be handled without any care 

due to its toughness and durability it is called plastic fiber. 

  Example: The plastic fibers are made up of any one of the following combination 

(i) Core: Polymethyl methacrylate cladding co-polymer 

(ii) Core: Polystyrene cladding : methyl methacrylate 

Single and Multimode Fibers: Mode is the one which describes the nature of propagation of 

electromagnetic waves in a wave guide. 

  Based on the modes of propagation the Fibers are classified into two types. 
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(i) Single Mode Fibers 

(ii) Multi-Mode Fibers. 

Single Mode Fibers: In general the single mode fibers are step index fibers. These type of 

fibers are from doped silica. It has a very small core diameter so that it can allow only one 

mode of propagation and hence called single mode fibers. The cladding diameter is very 

large compared to the core diameter.Thus in the case of a single mode fiber, the optical 

loss is very much reduced. The structure of singe mode fiber as shown in Fig.12. 

Structure: 

  Core diameter  : 5-10µm 

  Cladding Diameter : Around125µm  

  Protective Layer : 250 to 1000 µm 

  Numerical Aperture : 0.08 – 0.10 

  Band Width  : More than 50 MHz.Km. 

 

 

 

 

                                                                    Fig.12. 

Multimode Mode fibers: The multimode fibers are useful in manufacturing both for the step index 

and graded fibers. The multimode fibers are made by multi-component glass compounds such as 

Glass-clad glass. Silica-clad Silica, doped silica etc. Here the core diameter is very large as 

compared to single mode fibers.so that it can allow many modes to propagate through it and hence 

called as multimode fibers. The cladding diameter is also large than the diameter of the single 

mode fibers. The structure of multimode mode fiber as shown in Fig.13. 

Structure: 

  Core diameter  : 50-350µm 

  Cladding Diameter : 125-500 µm 

  Protective Layer : 250 to 1100 µm 

  Numerical Aperture : 0.12 - 0.5 

  Band Width  : Less than 50MHz.Km. 

 

 

 

 

 

 

                                                    Fig.13. 

15. What are Difference between Single and Multi-mode fiber. 
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Single Mode Fiber Multi-Mode Fiber 

1. In single mode fiber only one mode can be 

propagated 

1. The fiber in this case allows large number of 

modes for light to pass through it. 

2. It has a smaller core diameter 2. It has a large core diameter 

3.The difference between the core and 

cladding refractive index is very small 

3. The difference between the core and 

cladding refractive index is large. 

4.No dispersion 4. Dispersion is more. 

5. This fiber can carry the information to 

longer distances. 

5. Information can be carried to shorter 

distances only. 

6. Launching of light and connecting two 

fibers are difficult. 

6. Launching of light and also connecting two 

fibers are difficult. 

7. Installation is difficult as it is more costly. 7. Installation is easy and the cost is low. 

16. Explain Step Index and Graded Index Fibers: 

Based on the refractive index profile of the core and the cladding, the fibers are classified into two 

types. 

(i) Step Index  and (ii) Graded Index 

(i)  Step Index Fiber: A single mode step index fiber consists of a very thin core of uniform 

refractive index surrounded by a cladding of refractive index lower than that of core as shown 

in Fig.14. The refractive index abruptly changes at the core cladding boundary. Light travels 

along a side path, i.e., along the axis only. So zero order modes is supported by Single Mode 

Fiber. 

 

 

 

 

Fig.14. 

Multi-Mode Step Index Fiber: A multimode step index fiber consists of a core of uniform 

refractive index surrounded by cladding of refractive index lower than that of the core as shown 

in Fig.15. The refractive index abruptly changes at the core cladding boundary. Light follows 

zigzag paths inside the fiber. Many such zigzag paths of propagation are permitted in Multi Mode 

Fiber. The Numerical Aperture of a Multimode fiber is larger as the core diameter of the fiber is 

larger. 

In both the fibers the variation in refractive indices will be in step by step. Since a single 

mode fiber has less dispersion than multimode, the single mode step index fiber also has low 

intermodal dispersion compared to multimode step index fiber. 
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Fig.15. 

(ii) Graded Index Fiber (GRIN Fiber): GRIN fiber is one in which refractive index varies 

radially, decreasing continuously in a parabolic manner from the maximum value of n1, at the 

center of the core to a constant value of n2 at the core cladding interface as shown in Fig.16. In 

graded index fiber, light rays travel at different speeds in different parts of the fiber because the 

refractive index varies throughout the fiber. Near the outer edge, the refractive index is lower. As 

a result, rays near the outer edge travel faster than the rays at the center of the core. Because of 

this, rays arrive at the end of the fiber at approximately the same time. In effect light rays arrive at 

the end of the fiber are continuously refocused as they travel down the fiber. All rays take the same 

amount of time in traversing the fiber. This leads to small pulse dispersion. For a parabolic index 

fiber, the pulse dispersion is reduced by a factor of about 200 in comparison to step index fiber. It 

is because of this reason that first and second generation optical communication systems used near 

parabolic index fibers. 

 

 

 

 

Fig.16. 

17. What are Difference between the Step and Graded Index Fiber? 

Step Index Fiber Graded Index Fiber 

1. Here the refractive indices of air, cladding 

and core varies by step by step and hence it is 

called as step index fiber. 

1. Here the refractive index of the core varies 

radially from the axis of the fiber 

2. The light ray propagation is in the form of 

meridional rays and it passes through the fiber 

axis 

2. The light propagation is in the form of skew 

rays and it will not cross the fiber axis. 

3. The path of light propagation is in Zig-zag 

manner. 

3. The path of light propagation is Helical 

manner. 

4. Step index fiber has lower bandwidth 4. Graded index fiber has higher bandwidth 

5. Distortion is more in multimode step index 

fiber 

5. Distortion is less due to self-focusing effect 
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6. Attenuation is more. When a ray travels 

through the longer distances there will be some 

difference in reflected angles. Hence high 

angle rays arrive later than low angle rays 

causing dispersion resulting in distorted 

output.  

6. Attenuation is less. Here the light rays travel 

with different velocity inn different paths 

because of their variation in their refractive 

indices. At the outer edge it travels faster than 

near the center. But almost all the rays reach 

the exit at the same time due to helical path. 

Thus, there is no dispersion. 

18. What are Applications of Optical Fibers?  

The application and uses of optical fibre can be seen in: 

• Medical Industry 

• Communication 

• Defense 

• Industries 

• Broadcasting 

• Lighting and Decorations 

• Mechanical Inspections 

Optical Fibres uses in Medical industry:   Optical fibres are well suited for medical use. They 

can be made in extremely thin, flexible strands for insertion into the blood vessels, lungs, and other 

hollow parts of the body. Optical fibres are used in a number of instruments that enable doctors to 

view internal body parts without having to perform surgery. 

Optical Fibres used in Communication: In the communication system, telecommunication has 

major uses of optical fibre cables for transmitting and receiving purposes. It is used in various 

networking fields and even increases the speed and accuracy of the transmission data. Compared 

to copper wires, fibre optics cables are lighter, more flexible and carry more data. 

Optical Fibres used in Defence Purpose: Fibre optics are used for data transmission in high level 

data security fields of military and aerospace applications. These are used in wirings in aircrafts, 

hydrophones for SONARs and Seismic applications. 

Optical Fibres are used in Industries: These fibres are used for imaging in hard to reach places 

such as they are used for safety measures and lighting purposes in automobiles both in the interior 

and exterior. They transmit information in lightning speed and are used in airbags and traction 

control. They are also used for research and testing purposes in industries. 

Optical Fibres used for Broadcasting: These cables are used to transmit high definition 

television signals which has a greater bandwidth and speed. Optical Fibre is cheaper compared to 

same quantity of copper wires. Broadcasting companies use optical fibres for wiring HDTV, 

CATV, video-on demand and many applications. 

Uses of Optical Fibre for Lightening and Decorations: By now, we got a fair idea of what is 

optical fibre and it also gives an attractive, economical and easy way to illuminate the area and 

that is why, it is widely used in decorations and Christmas trees. 
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Optical Fibres used in Mechanical Inspections: On-site inspection engineers use optical fibres 

to detect damages and faults which are at hard to reach places. Even plumbers use optical fibres 

for inspection of pipes. 

19. Explain Optical Fiber in communication system? 

The optical fiber consists of three main elements as shown in Fig.17. 

1 Transmitter: An electric signal is applied to the optical transmitter. The optical transmitter 

consists of driver circuit, light source and fiber flylead. 

 Driver circuit drives to the light source. 

 Light source converts electrical signal to optical signal. 

 Fiber flylead is used to connect optical signal to optical fiber. 

2 Transmission channel: It consists of a cable that provides mechanical and environmental 

protection to the optical fibers contained inside. Each optical fiber acts as an individual channel. 

 Optical splice is used to permanently join two individual optical fibers. 

 Optical connector is for temporary non-fixed joints between two individual optical fibers. 

 Optical coupler or splitter provides signal to other devices. 

 Repeater converts the optical signal into electrical signal using optical receiver and passes 

it to electronic circuit where it is reshaped and amplified as it gets attenuated and distorted 

with increasing distance because of scattering, absorption and dispersion in waveguides, 

and this signal is then again converted into optical signal by the optical transmitter. 

 

Fig.17. Optical fiber communication 

3 Receiver: Optical signal is applied to the optical receiver. It consists of photo detector, amplifier 

and signal restorer. 
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Photo detector converts the optical signal to electrical signal. Signal restorers and amplifiers are 

used to improve signal to noise ratio of the signal as there are chances of noise to be introduced in 

the signal due to the use of photo detectors. 

Short answer questions: 

1. Define the terms a) Absorption b) Spontaneous emission c) Stimulated emission. 

2. Mention the characteristics of Laser beam. 

3. What is population inversion and optical pumping in lasers? 

4. Write down any four applications of Lasers. 

5. Explain the basic principle of optical fiber. 

6. Write down the advantages of optical fibers in communication system. 

Long answer questions: 

1. Explain the characteristics of Laser beam in detail. 

2. Write a short note on population inversion. 

3. Explain the principle of Laser or lasing action. 

4. What are Einstein’s coefficients and explain the relation among them? Or derive the 

relation between the probabilities of spontaneous emission and stimulated emission in 

terms of Einstein’s coefficients. Or Describe Einstein’s theory of radiation in detail. 

5. Explain the principle, construction and working of Ruby Laser with energy level diagram. 

6. Explain the principle, construction and working of He-Ne Laser with energy level diagram. 

7. Explain the principle, construction and working of CO2 Laser with energy level diagram. 

8. Explain the principle, construction and working of Nd:YAG Laser with energy level 

diagram. 

9. Mention some important applications of Laser in various fields. 

10. Explain the structure, principle and working of an optical fiber as wave guide with help of 

a suitable diagram. 

11. How optical fibers are classified on the basis of refractive index profile? Or describe the 

step index and graded index optical fibers in detail and explain the transmission of signal 

through them. 

12. Distinguish i) Step index and Graded index fibers ii) Single mode and Multimode fibers. 

13. Explain the optical fiber communication link with help of block diagram. Or How optical 

fibers are used in communication filed. 


